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(4) The various simple types of machines 

(5) The idea of center of gravity 

The innumerable attractions of the earth on the parts of a 
body are replaced by one force called the weight acting 
through a single point fixed in the rigid body, no matter 
what its position. 

(6) The effects of friction 

57. Force Measurement. If a building brick, mass six pounds, is 
fastened to a cord held in the hand, a downward pull is experienced 
by the holder. If the cord is tied to the bough of a tree the branch 
is bent downwards. If the cord is fastened to 
a helical spring (Fig. 34), this is changed in 
length. Taking masses 1, 2, 3 • * • pounds in 
succession, and using a pointer attached to the 
free end of the spring, it is possible to “cali¬ 
brate” the instrument, so that such a spring 
balance will read correctly the tension in terms 
of weights. Similarly springs of a stronger 
type may be placed between the locomotive 
and the railway train, so as to measure and 
record the tension or pull of the engine on the 
cars behind it. These are called dynamome¬ 
ters, or “force-measures.” 

If a mass of 60 pounds is hung at the bottom 
of a chain of mass 10 pounds, then the tension 
at the top of the chain is 70 pounds weight, 
at the bottom 60, while half way down, if the chain is uniform, the 
tension will be 65 pounds weight. 

It will be noted that the forces are described in pounds weight, 
while the bodies are described as having mass, expressed in pounds. 
The masses used in a laboratory are copies of a standard, or substand¬ 
ards, of the pound, with the main standard in Washington or London; 
and similarly the standard kilogram (kg.) is in Paris. It is some¬ 
times helpful to remember that 1 kg. = 2.205 lb. 

Returning now to the question of bodies and of forces acting upon 
them, we can fasten a 3-kg. mass to the top of an upright light stick 
held in the hand and the holder will experience a downward force of 
3 kg. weight. The rod is now under a compressional force. In Fig. 
34 the left spring is under compression and the right under tension. 



Fig. 34 
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In physics and engineering the : is called power; 

or p ower = w ork/time. Briefly P =_ course W = Pi. 

Thus a man who raises 1000 lb. vertically through 3 ft. in 5 min. 
works at the average rate of 600 ft.-lb. per minute. In C.G.S. units 
power is measured in ergs per second. A new unit is also defined, 
namely a watt which is' 10 7 ergs per second, or the equivalent 1 . 
joule jgr^second. The three ideas of force, work, power, measured , 
in dynes, ergs, and ergs per second, must never be confused with ‘ 
one another. 

When the steam engine was invented, Watt (1736-1819) was 
asked to supply engines to replace the work of a stated number of 
horses. He therefore measured the rate of work of a horse drawing 
rubbish steadily up an old shaft of a well, or mine, and found that it 
amounted to about 22,000 ft.-lb. per minute. He then added the 
engineer’s 50 per cent margin of safety, and defined 

1 horsepower = 33,000 foot-pounds per minute or 550 ft.-lb. sec." 1 

e norg epuwer (hp.) equals 746 watts; a kilowatt (kw.) is 1000 
watts and equal to 1.34 hp. In general, work is power multiplied by 
time; for example, a kilowatt-hour is work or energy, namely 3.6 
million joules, or 36 X 10 12 ergs. A horse can do the work of 8 or 
10 men, but both men and horses can, for a brief spell, work at 
enormously higher rates than those stated; an engine, however, 
has not the same elasticity of output. 

PARABOLIC AND CIRCULAR MOTION ' 

37. Projectiles. If a small heavy body, such as a stone, is thrown 
into the air it describes a familiar curve called a parabola. (Figs. 
21 and 22 show halves of such curves.) If a body of light weight, and 
large surface, such as a football or balloon, is kicked or thrown into 
the air, the curve it follows certainly diverges visibly from such a 
curve, owing to the resistance of the air. Bodies with a spin, such 
as golf balls and baseballs, swerve aside in the direction towards 
which the leading point of the ball is rotating. 

Let us consider first the simple case, when air resistance may, to 
some extent, be neglected, of a stone projected horizontally with 
velocity u, from the top of a cliff of height k In time t, if there were 
no gravity, it would travel a horizontal distance y = ut, so that t = 
y/u. If it fell freely under gravity, without any horizontal velocity, 
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These are for reference, and should not be memorized. Note that a 
microfarad (juF) is 1/10* farad, and . a micro-microfarad (m^F) is 
1/10 12 farad. On e'/i/zF is therefore T \ e.s.u. capacity, and equals 
WJapacit'y of a sphere ^ cm. in radius. 

Finally it may be added that careful measurements have shown 
that the proton (+) and electron (-) have identically equal charges, 
namely 4.77 X 10~ 10 e.s.u., while the mass of the electron is about 
9 X 10“ 28 gm. Strangely enough the mass of the proton is about 
1840 times the mass of the electron. This equality of charge and 
inequality of mass is obviously of profound importance in the 
economy of nature. 

INSTRUMENTS 

278. Gold Leaf Electroscope. In laboratory work an electroscope 
with but one gold leaf (Fig. 288) is often used, which is fastened at its 

upper end to a flat vertical rod, 
from which it opens to an extent 
depending upon its potential. The 
position of the leaf is observed with 
a telescope, only a few inches away, 
having in the eyepiece a scale 
graduated in 100 divisions. The 
position of the leaf as seen in the 
telescope can be calibrated with a 
battery, so that the leaf indicates 
volts. In the hands of skilled op¬ 
erators this sensitive instrument 
has yielded wonderful results. It 
is full of snags to the unwary! 

★ 279. Quadrant Electrometer. 
In this instrument there are four 
separate metal quadrants, well in¬ 
sulated from one another, forming a nearly closed cylindrical box 
(Fig. 309). In the middle there hangs, by a fine conducting torsion 
wire, a horizontal, flat, aluminum, dumbbell-shaped needle, kept at 
a negative potential of perhaps 100 volts by a battery. Two opposite 
quadrants are grounded, while the remaining pair is connected to the 
insulated apparatus under investigation. If this is at positive poten¬ 
tial it will attract the (negative) aluminum needle, and if at negative 
potential it will repel the needle to an extent measured by a horizontal 



Fig. 309. — Quadrant Electrometer 
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in the shape of a Maltese cross cast a shadow on the glass due to the 
radiation from the cathode; (2) that bombardment by these rays 



Fig. 383. — Discharge through Hydrogen at the Same Pressure in Tubes 
of Different Diameter 

rotated a small wheel on runners (Fig. 384), having mica projections, 
due to one-sided heating of the mica vanes; (3) that from a concave 
cathode the rays made a piece of platinum in the focus red hot; 

and above all, (4) that these 
cathode rays, as they are 
called, could be deflected by 
a magnet (Fig. 385) in such 
a manner as to suggest that 
they are negatively charged 
particles. Moreover, the 
corpuscles always left the cathode at right angles to its surface. 

358. Electrons. A great conflict of opinion prevailed as to the 
exact nature of the cathode rays until J. J. Thomson deflected them 
in an electrical field, to a measured extent, by firing them between 
two parallel plates with positive and negative charges, inside the 
tube. He was able to measure the velocity of the corpuscles by 
balancing against each other the forces due to a magnetic and to an 
electric field, so that the line of flight was not deflected (Fig. 386). 
If E is the magnetic intensity, Z the electric intensity, and u the 
velocity, then these three vectors must be at right angles, each to 


Cathode Anode 

+ 



Fig. 384. — Wheel Rotated by Bombardment 
by Rays 
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PREFACE 


This book is planned for an introductory course in physics for 
University or Junior College students. An effort has been made to 
keep the mathematical requirements to a minimum, especially if the 
“starred 57 sections are omitted. This method of marking the more 
difficult sections results, it is thought, in a more attractive page than 
the usual use of fine print, and it is hoped that it will prove in other 
respects equally satisfactory. 

It has been a troublesome question for some years to decide how 
much so-called “modern physics 55 should be included in an elemen¬ 
tary text, and to this question every teacher has his ora answer. 
It has been the aim olthe present authors to introduce some modern 
terms and concepts, in a qualitative and descriptive way, as early as 
possible in the development, so that the student might become 
familiar with them through use. The more precise definition of these 
terms, and a somewhat more quantitative discussion of the concepts, 
is taken up later, particularly in the last chapter. Here an effort 
has been made to give the student some understanding of the way 
in which certain modern fields have developed. This part of the 
•book is of necessity more condensed and sketchy than most of the 
earlier chapters, and will demand more in the way of comment and 
illustration from the teacher. But the authors feel that many of the 
basic ideas of modem theory are not essentially more difficult to follow 
than those of classical physics, and that it is possible to give a first- 
year.student enough of a qualitative idea as to what modern theory 
is trying to do and how it is doing it, to make the effort worth while. 

The illustrations are somewhat more numerous than usual, but 
they are largely diagrammatic and solely for the purpose of eluci¬ 
dating the text. For most of those that are of more general interest 
we are glad to acknowledge our indebtedness a&follows: . 

To the Royal Society, Oxford University Press, Professor P. M. 
Blackett, Professor Dayton C. Miller, Professor F. E. Lloyd, Pro¬ 
fessor J. B. Collip and Dr. Hector Mortimer for permission to use 
cuts and photographs; to Miss Anna Butler, Superior, Wisconsin, for 
permission to use a number of photographs taken by the late Pro- 



Mr, C. F, Devoe of the University of Wisconsin, for certain spectro¬ 
scopic and diffraction photographs; to Director V, M. Slipher of the 



effects of radial velocity; to Dr, H, G, I. Watson of McGill University 


for supplying experimental data for use in the preparation of several 


We wish also to thank Professor W, F, Steve of the University of 
Wisconsin, for his kindness in reading considerable portions of the 
manuscript and giving us the benefit of his comments, 



C, E. M, 
A. S. E. 

D. A, £ 
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CHAPTER I 

INTRODUCTION 

1. The word physics, which comes from the Greek word meaning 
nature, originally meant that branch of organized knowledge treating 
of the material world and its phenomena. Defined in this general 
way it would include biology, astronomy, chemistry, and geology, 
but from time to time these have been excluded from physics and 
given a name and individuality of their own. However, the bound¬ 
aries between these branches of natural science have tended to become 
less sharp during recent years — especially those between physics 
and chemistry. To the former had been allotted all “phenomena of 
inanimate matter involving no change in chemical composition,” 
while phenomena involving changes in composition were the concern 
of the chemist. For example, the solidification of water by freez¬ 
ing is a “physical” process, while the solidification of a cement 
mixture is a “chemical” process, due, it is frequently said, to the 
action of “chemical” forces. It turns out that such sharp distinc¬ 
tions are inaccurate and unnecessary, and indeed one of the impor¬ 
tant activities of theoretical physicists in recent years has been the 
study of “chemical” properties and their correlation with the 
physical characteristics of matter. 

2. The Main Subdivisions of Physics. 

Mechanics, dealing with the laws of motion of bodies, the idea 
and measurement of force and energy , etc. 

Sound, dealing primarily with the physical phenomena which. 
affect the sense of hearing. 

Heat, dealing with the nature of heat, the physical changes in 
substances produced by heat, the measurement of tem¬ 
perature, and the relation between heat and energy. 

Electricity and Magnetism, dealing with the attraction and re¬ 
pulsion of electricity and .of magnets, electric currents, bat¬ 
teries, and the extremely important phenomena resulting 
from the interaction of electricity and magnetism which have 
1 
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their practical application in the construction of dynamos and 
motors. 

Light, dealing originally with the physical basis of the sense of 
sight, later extended to include phenomena of exactly the 
same nature (X-rays, ultraviolet, radiant heat) which, how¬ 
ever, do not affect the human sense of sight. 

It has been found that the ideas and laws of mechanics can be 
usefully applied in all the other branches of physics; hence it is 
obviously advantageous to begin with this subject. Before plunging 
into these details, however, we shall in the present chapter give a 
sketch of the historical development of physics, and discuss in a 
nontechnical way the process by which a science such as physics 
advances. 

3. The pre-Greek Period. For the ages earlier than 500 b.c. only 
the most meager information is available, but it seems certain that 
no attempt had been made to formulate physics into an organized 
body of knowledge. However certain inventions involving physical 
principles, such as the drill and the potter’s wheel, can be traced to 
the earliest times. Water clocks for measuring short intervals of 
time are known to have been in use about 1400 b.c. These were 
based on the measurement, by weighing or other means, of the amount 
of water which flowed through a constant orifice from a reservoir in 
which water was kept at a constant level, the reasonable assumption 
being made that under such conditions the amount flowing would be 
proportional to the time. The astronomical observations of the 
Chaldeans and Babylonians from which, for example, they predicted 
the dates of recurrence of eclipses are surprisingly accurate, suggesting 
that they may have understood the construction and use of lenses. 
The successful carrying out of these astronomical predictions shows 
that the idea of the propagation of light in straight lines was known 
and accepted. 

4. The Greek Period: 700 b.c. to a.d. 150. The Greeks were the 
first people interested in tracing the cause of phenomena, and in 
grouping together phenomena having a common or similar cause or 
characteristic. They were the first to show an active curiosity as to 
the constitution of objects and as to the way in which nature works. 
Unfortunately they were overfond of speculation and reluctant to ob¬ 
serve nature carefully or to experiment. Experimenting consists in 
causing events to happen in such a way that they can be most easily 
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and accurately observed. The question of the physical basis of the 
sense of sight was one which appealed to the Greeks as a subject for 
speculation, and Pythagoras about 500 b.c. started a discussion which 
lasted for centuries when he introduced the idea of streams of particles 
emitted from the eyes, which, reflected from the object seen, re-entered 
the eyes to produce vision. (Sect. 393.) A short time later Emped¬ 
ocles suggested that the light-particles originated in the object seen 
instead of in the eye—which fits certain conditions of vision. Emped¬ 
ocles wished to account for all matter in terms of four elements, earth, 
air, fire, water, and the behavior of matter by means of two divine 
powers, the principles of attraction and of repulsion, which he 
supposed to be present throughout the entire world. These six 
elements — or words — of Empedocles played an important part 
in physical speculation and philosophizing for many centuries. 
Others, of whom Democritus (born 465 b.c.) was the greatest, were 
formulating for the first time an atomic theory of matter, based on 
the assumption of eternal, invisible, indivisible, and incompressible 
atoms (from the Greek word atomos , indivisible) which differ in shape 
and arrangement. While the details of the hypothesis were adjusted 
somewhat to fit observed facts — for example, atoms of liquids were 
assumed spherical and therefore easily movable with respect to one 
another, while atoms of solids were provided with hooks or locks to 
prevent easy motion — such adjustment was crude, and no attempt 
was made to test the conclusions by experiment. Since it was not 
till a.d. 1808 that experimental evidence for an atomic hypothesis 
was brought out by Dalton (Sect. 112) it seems questionable whether 
the speculations of Democritus and his successors had any influence 
in accelerating the appearance of the later well-founded theory. 

In the time of Plato (427-347 b.c.) it was thought, correctly, that 
a substance could exist in different states of aggregation , solid, liquid, 
or gas, the change from one state to another being attributed to the 
addition or removal of fire; for example, solid plus fire gave liquid. 

The contributions of Aristotle (384-322 b.c.), a pupil of Plato’s, 
though extensive, are practically worthless from the modern point of 
view, being in many cases steps backward from his predecessors. 

The greatest Greek student of physics was Archimedes (287-212 
b.c.) who laid the foundations for our present theory of mechanics 
and discovered the basic theorems of hydrostatics — i.e., the forces 
on bodies immersed in a fluid. In optics the Greeks had demon¬ 
strated the law of reflection for both plane and curved surfaces, had 
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observed the apparent bending of a straight rod when it passes from 
air into water (refraction), and had ingeniously applied this fact to 
explain the puzzling observation of a lunar eclipse seen when the sun 
was still above the western horizon. Ptolemy (a.o. 87-165) studied 
this matter of refraction experimentally, but drew the erroneous 
conclusion that the “ ratio of the angles of incidence and refraction is 
constant for any two media/’ Though lodestones, natural magnets 
of magnetic oxide of iron, had been known for many centuries, the 
Greeks added practically nothing to our knowledge of them; and 
though they knew 7 the lightning flash, St. Elmo’s fire or brush dis¬ 
charge, the electric eel, and the peculiar attracting properties of 
amber, they did not associate these facts together as having anything 
in common. In estimating the total contribution of the Greeks we 
must realize that they lacked efficient means of preserving and com¬ 
municating knowledge, in spite of which they reached a level not 
surpassed in more than a thousand years. 

5. The Arabs and the Middle Ages: a.d. 600 to 1600. The con¬ 
tribution of the Arabs to physics was indirect. Most important 
perhaps was their transmission to the western world of the Hindu 
(so-called Arabic) numerals and decimal system and the foundation 
of arithmetic and algebra. Though they corrected some of the 
mistaken ideas of the Greeks their chief service was in preserving 
the w r ork of the Greeks during the dark ages and making it available 
to the European world when the intellectual revival began. Western 
teachers and scholars were at first satisfied to accept as authoritative 
the conclusions of the Greeks, particularly those of Aristotle. The 
Englishman Roger Bacon (1214-1292) was among the first to rebel 
against this paralyzing influence of authority — but, like many of his 
successors, though he urged the importance of experimentation, he 
seldom experimented himself. It was, and continued to be, some¬ 
what undignified to do so. The only persistent experimenters were 
the alchemists. 

6. The Modern Period: from 1600 on. As the reader will un¬ 
doubtedly anticipate from what has been said, the modern period is 
characterized by a change from emphasis on speculation to emphasis 
on experiment, but of course there was no sudden transformation. 
Perhaps Kepler (1571-1630) and Galileo (1564-1642) occupy the 
period of most rapid change. The former enunciated his three laws 
of planetary motion (Sect. 50) which are still the simplest and best 
description and summary of the observed facts; the latter by means 
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of simple but ingenious experiments demonstrated for the first time 
the laws of freely falling bodies, expressing the result in a very simple 
form (Sect. 22). Galileo has been called the founder of experi¬ 
mental physics, and Newton (1642-1727) the founder of theoretical 
physics in the modem sense, which is quite different from the purely 
speculative theory of the ancients. Since the remainder of this book 
is concerned almost entirely with physics of the modern period, fur¬ 
ther consideration in the present chapter of the details of this period 
is uncalled for. 

7. Observed Facts, Hypotheses, and Theories. In view of all that 
has been said we must avoid giving the erroneous impression that 
observation and experimentation are the only means by which physics 
advances. Of equal importance is the use of the imagination in 
inventing hypotheses and of the reasoning powers in drawing con¬ 
clusions from the combination of hypotheses and correlating these 
deductions with observed facts. By “observed facts 5 ’ we mean spe¬ 
cific values of certain characteristics, preferably measurable and 
expressible as numbers, which we have selected and defined for use in 
describing a physical situation: for example, length, mass, time, ve¬ 
locity, etc., in mechanics; temperature, quantity of heat, etc., in 
describing heat phenomena. By “correlating” is meant finding a 
general relation between two or more observed facts, preferably in the 
form of an equation: as the very simplest example, the law of reflec¬ 
tion, angle of incidence equals angle of reflection; considerably more 
complicated, the law of refraction, sin i — n sin r. What is meant by 
a hypothesis? This is not so simple, but perhaps it will suffice to say 
that a hypothesis is 

(а) an assumption as to the fundamental nature or constitution of 
matter, or 

(б) an assumption as to the fundamental nature of a natural 
phenomenon or process, or 

(c) an assumption as to the “rules of the game, 55 i.e., as to the way 
in which various quantities assumed under “a 55 or “6 55 interact with 
each other. 

To illustrate, that gases consist of hard spherical molecules is the 
type “a 55 assumption, which combined with the “c 55 type hypothe¬ 
sis that these molecules bounce from each other and from containing 
walls elastically, without loss of energy or momentum, together give 
the kinetic theory of gases. That light consists of waves started by 
the source is the “b 55 type assumption at bottom of the general 
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4 * wave theory” of light. That these waves are electric and mag¬ 
netic in nature is the corresponding more specific assumption of the 
« electromagnetic theory of light,” In each case further assumptions 
(c type) must be made as to the rules which govern the propagation 
of these waves. On the other hand, the assumption that light con¬ 
sists of localized bundles or quanta of energy of amount proportional 
to the frequency, together with rules as to how these quanta are to 
move through matter and.through free space, constitutes the quan¬ 
tum theory of light. The result of combining several hypotheses, 
worked out according to the assumed rules, constitutes a “theory.” 
In general a hypothesis cannot be directly tested by experiment: 
for if it checked it would become an “observed fact”; if it did not 
check it would be dropped. But the conclusions of a theory-must be 
testable by experiment to be of any value. A theory is built up to 
fit a certain set of observed facts, but if it agrees with no more than 
these it is of little value; a very useful theory should agree with a con¬ 
siderably larger group of “facts,” and even predict some unexpected 
ones which are later found experimentally. The term “useful” 
theory is used intentionally, for this is the most that we should really 
ask a theory to be. The query, “ Is such and such a theory true ? ” or 
“Do you believe in the wave theory?” are more metaphysical than 
physical questions. No one believes that molecules are hard elastic 
spheres — yet the resulting theory is very useful in correlating many 
observed facts. We hope that ultimately by assuming atoms and 
molecules built somewhat as described in Chapter XX a more com¬ 
plete theory of gases as well as of solids and liquids can be built up, 
but such a theory will contain many assumptions as a basis and 
will certainly be our description of nature rather than nature itself. 
Thus a theory is based on experiment, and there is no valid “purely 
theoretical” proof of anything, while if a theory leads to a conclusion 
which is definitely contrary to observation the theory must give in, 
though one must make very certain that the theorist and the experi¬ 
menter are really talking about the same thing. The mqdern theo¬ 
retical physicist, like the ancient, must speculate, invent, imagine, 
but his results must be constantly subject to experimental check. 
The theorist and the experimentalist have as their common goal the 
building up of the simplest possible inclusive description of nature, 
and the extension of mankind's control over the “forces of nature.” 
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MOTION 

8 . Rest and Motion. A glance at the world around us shows that 
some bodies, such as houses, appear to be at rest, while others, such 
as cars, are in motion. A further study quickly shows that we do 
not know of any body that is really at rest, for the houses turn 
round with the earth every day, and travel with it round the sun 
every year, while the sun itself moves with reference to the so-called 
“fixed” stars which in turn have been shown to move with respect to 
one another. There,, is|then, no such thing as absolute rest, although 
two bodies moving together at the same rate (with reference to some 
third body) may properly be said to be at rest relatively to each other. 

If then motion pervades the physical world it is worth patient 
study to master the fundamental properties of motion (kinematics) 
and as far as possible to understand the relations between motion and 
the forces which are said to cause such motion (kinetics). Hence 
the study of dynamics, which includes both, stands at the beginning 
of this book. 

9. Displacement. If one body is moved with respect to another 
body either one of them may be saidjto have had a displacement. 
IFITconvemenf"Eo~measur eThe 
displacement by the shortest 
route, although that may not 
have been the actual path. If 
a small object is moved on a 
table (Fig. 1) from A to B , and 
thence to C, then it may be stated that 



ab+bc=ac 


3+4 = 6 


Fig. 1 


AB + BC = AC 


which does not mean that two sides of a triangle are equal to the third 
side, but it does mean that the displacement AB together with the 
displacement BC are equivalent to the displacement AC. 

There are two kinds of quantities in the world; scalars, having 
magnitude only, which add by ordinary arithmetic like dollars, 
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more simply. It is supposed that the reader has actual experience 
of time and of its measurement with a clock or watch, regulated with 
some standard clock. This standard clock is checked with our 
rotating earth, which is assumed to turn round at a uniform rate 
with reference to very distant stars. It is next possible to consider 
velocity and to define it as the time rate of change of position or the 
rafeTof displacement. Speed is the distance covered in a unit of 
~wi reference to^direction. A good runner may cover 10 
feet in a second, an airplane 400 miles an hour, light 186,000 miles a 
second. These are all speeds, for there is no suggestion as to direc¬ 
tion. Velocity, however, always involves direction and is, therefore, 
a vector. Thus, 10 miles an hour to the east and 10 miles an hour to 
the south are equal speeds, but different velocities, and a man can 
run round a curved track with constant speed, yet his velocity will be 
continually changing, because his direction of motion is altering. 

12. Uniform Velocity. Velocity i s uniform only when ...equal dis¬ 
tances alo ng a straight line are traversed in any equal intervals of 
time. In this case if s is the distance covered in time t } then the 
velocity v is s/t } and $ = vt, a simple result of some importance and 
only applicable to uniform motion as above defined. A man who 
walks 4 miles an hour steadily for 3 hours will be 12 miles from home, 
if he walks straight from it. 

13. Units. The question of units of reference necessarily pervades 
physics and these units will be introduced as required. It is not? 
possible to define such fundamental experiences as time, length, 
mass, area, volume, etc. The length of an object, or the distance 
between two points, is determined by means of a rod, tape, or chain 
on which equal distances are marked. These have been compared 
with standards which are in turn copies of a fundamental standard, 
legalized and preserved by governments. Just as the yard may be 
divided equally into 3 feet or 36 inches, so the meter may be divided 
into 10 decimeters or 100 centimeters. It is useful to remember that 

in . 2,54 centimeters and a meter about • 

Velocities may be expressed in various units; for example, a train 
may be said to travel at 60 miles an hour, or 88 feet per second, or 
96.56 kilometers an hour, or 2682 centimeters a second; these are 
identical. The following abbreviations are helpful; yd. for yard, 
ft. for feet, km. for kilometer, cm. for centimeter, and sec. for second. 
It will be noted that Latin prefixes stand for fractions and Greek for 
multiples, thus: 
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Latin 

deei- for 1/10 
centi- for 1/100 
milli- for 1/1000 
micro- for 1/1000000 


Greek 
deka- for 10 
hecto- for 100 
kilo- for 1000 
mega- for 1000000 


The four prefixes in italics are the most commonly used, and are 
abbreviated into c, m, n, and k. For example, cm. stands for centi¬ 
meter, km. for kilometer, etc. 

Moreover 50 feet per second may be written as 50 ft./sec. or as 
50 ft, sec.' 1 , somewhat as in algebra 1/a may be replaced by a~\ 
It is quite undesirable to mix up British units (foot-pound-second) 
with the C.G.S. (centimeter-gram-second) or to waste time in trans¬ 
ferring from one type of unit to the other, although that is sometimes 
unavoidable. Fortunately scientific work in all countries is now 
uniformly expressed in the C.G.S. units, and the student should 
quickly make himself familiar with them. 

14. Addition of Velocities. If a body such as a man, moves with 
velocity v along another body, such as a train, which in turn is moving 
with velocity u over the ground, and if the two velocities are in the 
same direction, along a straight line, then the man moves over the 
ground with velocity V- And if the man reverses direc¬ 

tion, then V = u — v. This is the view of Galileo Galilei (1564- 
1642) and of Sir Isaac Newton (1642-1727), and it holds good for 
the ordinary velocities of experience. Einstein’s modern Relativity 
Principle, however, states that if you, an observer, are approaching 
with velocity u another body which is approaching you with velocity 
v (both referred to a third body), then the relative velocity will be 
to you 

+ 


where c is the velocity of light (186,000 miles a second). For ex¬ 
ample, if u = c/2, v = c/2, then V = f c; and if u and v each equal 
c, then V = c also! We have, however, little experience of these 
high velocities, and we may continue to use Newtonian dynamics as 
an accurate system in ordinary experience, making small corrections 
when required for very high speed bodies. 

15. The Parallelogram of Velocities. When a body has two ve¬ 
locities (relative to a third body) which are not in the same straight 
line, experiment shows that we must combine them by the help of a 
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parallelogram rule. Such velocities obey the vector laws illustrated 
in Fig. 2. This may be shown by placing on a white sheet of paper a 
glass tube AB (Fig. 4) containing a small conspicuous object R, like 
a piece of red sealing wax, fastened by a light cord to a nail N. If 
the glass tube is moved slowly and uniformly parallel to itself to a 
new position, such as CD, 
then the body R will have 
moved from one end of the 
tube to the other, as the string 
drew it along. Note that R 
. have the velocity of the 
tube, as well as its velocity 
along the tube, and it can be 
seen to move along the diag¬ 
onal AD. 

It is clearly possible to represent a velocity by a straight line whose 
direction is that of the motion, and whose length represents the mag¬ 
nitude of the velocity. An arrowhead gives the u sense,” for ve¬ 
locities may be positive, or negative "with complete change of direction. 
It is now possible to state the parallelogram rule for the addition of 
velocities, provided it is clearly understood what is meant by com¬ 
bining two velocities. For example, if a yacht is sailing at 3 knots to 
the north over the surface of the sea, and the tide is running 4 knots 
to the east, then the velocity of the yacht relative to the earth, or 
bottom of the sea, is not 7 knots but 5 knots (Fig. 2), making an angle 
whose tangent is f with the meridian, or north-south line. 

The Parallelogram of Velocities. If a particle has two velocities repre¬ 
sented by two straight lines drawn from the same point, then on com¬ 
pleting the parallelogram that diagonal through the point will represent 
the resultant velocity of the particle. * 

In Fig. 4, u and v represent the two velocities and V the resultant 
velocity. Each half of the parallelogram is a triangle, so that a 
triangle of velocities may be substituted for the parallelogram of 
velocities, as either half of the parallelogram is sufficient to represent 
the two velocities and their resultant. Thus three velocities repre¬ 
sented by lines at a point, which are parallel and proportional to the 
sides of a triangle taken in order, will have no resultant velocity. 
The particle will be at rest. Velocities can be resolved (see Sect. 18) 
and compounded , and all the resources of trigonometry for the solution 
of triangles may be used, while graphic methods may also be adopted. 
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It would be tedious to recapitulate these results which are true for 
all vectors. A few well-chosen examples will enable students to 
grasp the ideas rapidly. If a shot _(Fig. 5) is fired to the south with 
velocity v, from a ship movmgeast with vel ocity u, then the velocity 
of the shot relative to the ground will be vV + y 2 , and will be, not 




Moving: Ship 
Fixed Target 


Ship at Rest 
Moving Target 


Fig. 5 


south, but eastward of south, 
by an angle whose tangent is^ 
u/v. 

On the other hand suppose 
that a ship at rest (Fig. 5) 
fires at a boat, due south, 
which is going east with ve¬ 
locity u. If the velocity of 
the bullet is v , then it is use¬ 
less to aim directly at the 
boat; it is necessary to aim 
and fire ahead of the boat, at 
an angle eastward of south, 
whose sine, not tangent, 
equals u/v. The firing of a gun from a rapidly moving platform, such 
as a battleship, at a fast moving target, like a destroyer, involves 
an interesting problem in range-finding, speed estimation, and quick 
calculation, particularly when the range is long, say 10 to 20 miles. 
The same rule holds for a flying bird or a running stag: it is necessary 
to aim and fire ahead of the object. 

The astronomer, Bradley (1693-1753), tacking up a river, noted 
that the bargee or small flag on the masthead, changed direction 
with each tack while the wind remained constant. His discussion 
with the boatman led to his discovery of the aberration of light (see 
Sect. 435). The direction of a flag, streaming from a ship, or of 
the smoke trail from a steamer, is not analogous to that of a heavy 
body like a shell projected from a gun on a ship. 

16. Relative Velocity. There is a general principle of relative 
velocity when two particles move with respect to a third body, such 
as the earth. 


The velocity of A, relative to B, is the same as though B were at rest ^ 
anTh/hadTan extra velocity equal to that of B, hut reversed in direction. 

It is clear that their relative velocities will be unaffected if both 
bodies are given a velocity equal and opposite to that of B . 
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ship's ^ 
velocity 
reversed 


smoke (j 



ship's 

velocity 


wind’s velocity 


Fig. 6 


For example, let a ship sail to the east with velocity u and let the 
north wind blow to the south with velocity v. What is the lay of 
the flag? What is the line of 
the smoke? In both cases it is 
the same to the sailors as if the 
ship (Fig. 6) w r ere at rest, and 
the wind had an extra velocity 
equal and opposite to that of 
the ship, so that the direction 
of the flag and the line of the 
smoke (the smoke going in¬ 
deed south with merely the velocity of the wind) will in this case 
be westwards of south making with the meridian an angle 6 whose 
tangent is u/v. 

If the rain falls vertically (Fig. 7) with velocity v and you walk with 
velocity u, the rain seems to you to have an inclination to the vertical 

of angle 6 whose tangent is 
u/v. The diagram gives the 
view of a spectator. In Fig. 
8 there is a diagram showing 
the path of a swimmer cross¬ 
ing a river by the shortest, 
and another by the quickest 
route. On the right is shown 
the path of a bird, or air¬ 
plane, in a wind. 

17. Change of Velocity. If a particle has a velocity represented 
by OA (Fig. 9) and at a subsequent time has a velocity represented 




man’s reversed 
velocity 


f/0 




Fig. 7 


B 




by OB, then the change of velocity is represented by AB , or by its 
equivalent OC. The reason for this statement depends on the 





14 


DYNAMICS 


parallelogram law, since OC is the velocity which must be added to OA 
in order to obtain the velocity OB. Such change of velocity may take 
place slowly under a force, or quite quickly, as when a ball is struck 
with a stick. 

18. Components of a Vector. Let OP represent (Fig. 10) any 
vector V and let any line such as OX be drawn through 0, and 

another line OY drawn at right angles 
to OX. From P draw PN perpendicular 
to OX, and PM perpendicular to OY, so 
as to form a rectangle. Then the vector 
OP can be replaced by the vectors ON 
and OM which are called the components 
of OP in the two directions. ON is also 
called the resolved part of OP along OX. 

ON = F cos 6 
OM = V sin fl 

Experiments prove that these remarks apply to displacements, ve¬ 
locities, accelerations, forces, or any other kind of vector. 

19. Angular Velocity. When a body rotates it is said to have 
angular velocity. This may be measured in many ways. A shaft 
may have a stated number of revolutions per minute (R.P.M.), 
or per second (R.P.S.). The long hand of a clock turns through four 
right angles in 60 minutes. The measurements of angles are often 
made in degrees, minutes, and seconds, where one right angle equals 
90 degrees, one degree equals 60 minutes, and one minute equals 
60 seconds. For example, an angle may be 45° 30' 29". It is often 
more convenient to mea sure angles in circular measure where the 
unit is a radian, which is the angle subtended at the center of any 
circle by an arc equal in length to the radius of that circle. Since 
angles at the center are proportional to the arcs which they subtend 
on the circumference, it follows that 

1 radian 1 

4 right angles 2x 

for the circumference of a circle is 2xr, where x = 3.1416 nearly. 
It follows t hat 1 right angle equals x/2 radians. 

Take any other angle 6 radians at the center, subtending an arc 5 
on the circumference, then again remembering that arcs are pro- 



Note that 
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portional to the central angles, it is true that 


— - or 
r’ 


If t is the time in which the radius moves through an angle 6 then by 
division, . * 


rd 6 N 
' t ~ r t 


since r is constant and s/t is the velocity of a point at the circumfer¬ 
ence, say v) Qjt is called the angular velocity of the turning radius, 
denoted by the Greek letter, w (omega)* h 


Thus 120 R.P.M. = 43,200 degrees per minute = 720 degrees per 
second = 4 t radians per second. Also the angular velocities of the 
long hand, short hand, and second hand of a clock are 7 t/1800, 
7t/ 21600, and tt/ 30 radians per second. 


Angular velocity, when uniform, is measured by the number of radians 
turnedlhfough by a moving line, as compared with a fixed line, in a second. 


Note that, for constant angular velocity w, the angle 0 turned in t 
seconds is given by 6 = oot. Compare s = vt 

20. Variable Velocity. Hitherto consideration has been given for 
the most part to uniform velocity where equal distances in a straight 
line or equal angles are described in any equal intervals of time. 
Uniform velocity is, however, rather the exception. Thus a motor 
car is frequently stopping, starting, changing speed or direction, and 
then the velocity varies. The measurement of the actual velocity at 
a given instant is not easy and consists in selecting a measured short 
distance and with a stop watch or chronograph* measuring as accu¬ 
rately as possible the short time of traversing that distance. The dis¬ 
tance divided by the time approximates to the velocity of the body at 
about the middle of the distance, or the middle of the interval of time. 

21. Acceleration. Acceleration is the rate of increase of velocity; 
retardation is the rate of decrease of velocity. Acceleration may be 
uniform or variable, it is only uniform when equal additions of velocity 
are made in any equal intervals of time. 

Suppose that a train has stopped at a station and then moves 
forward from rest with a uniform acceleration of 4 feet per second 

* A pen marks signals on a revolving drum driven by clockwork at a constant 
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added every second, or 4 feet per second per second. The ve¬ 
locities at the end of successive seconds are 4, 8, 12, 16, 20, 24, 28, 
32, 40 . . . ft. sec. -1 In the first 5 seconds the velocity has changed 
from 0 to 20 feet a second, with an average velocity of 10 ft./see., 
so that the train will have traveled 5 X 10, or 50 feet in those 5 
seconds. So during the first 10 seconds the average velocity was 
20 ft. sec. -1 and the distance traveled was 200 feet. Note that 
when the time was doubled, the space was increased fourfold. Simi¬ 
lar relations hold for a small heavy body falling vertically from rest, 
provided the opposing resistance of the air is not too effective. It 
will be found later that the numerical value of the acceleration down¬ 
wards due to the earth’s attraction, or gravity, is about 32 feet per 
second per second, or 980 cm. sec. -2 ; for 32 feet is the same length as 
980 centimeters approximately. The acceleration due to gravity is 
denoted by the letter g. 

If a body falls freely from rest then its subsequent history can be 
seen thus: 

Time from Rest Velocity then Acquired Total Space Traveled 


0 

in Ft. Sec. -1 

0 

in Feet 
0 

1 

32 

16 

2 

64 

64 

3 

96 

144 

4 

128 

256 

5 

160 

400 

10 etc. 

320 

1600 


So again a body thrown straight up with a velocity of 160 ft. sec. -1 
has the velocities of the second column read upwards. There would 
be retardation, g = 32 ft. sec. -2 , and the body would stop after 5 
seconds at a height of 400 feet, after which it would fall down ag ain 
It must be remembered that for higher velocities things do not hap¬ 
pen in this simple way, because the air checks the body both going 
up and coming down. If you fire a rifle so that the bullet starts 
straight up with a velocity of 1600 ft. sec. -1 , then the bullet will not 
go up for 50 seconds, nor reach a height of 40,000 feet, nor return 
with a downward velocity of 1600 ft. sec. -1 The merciful protection 
of the cushion of air prevents us from being killed by a moderate 
hail storm! 

All the above statements can be made more concise with the help 
of algebra, as follows: 
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Suppose that a body starts with velocity u along a straight line, 
and let the body have uniform acceleration a. Then during a stated 
time t, the velocity added will be at, and the velocity v at the time t 
will be 

' : (I) 

The initial velocity is u, and it has increased to v, so that during 
the time t the mean or average velocity is (u + v)/2. Hence the 
space s traveled is given by* 

u + v u + u + at 

-t or 

and 

= ut + 1 at 2 (II) 

Square both sides of (I), and subtract the sides of (II) after you have 
multiplied them by 2 a, and it follows that 

u 2 + 2 as (III) 

These three equations give all requisite information about motion 
in a straight line with uniform acceleration. 

If a body is thrown straight up with velocity u, and the downward 
acceleration is g, then if v and u are measured upward, the vertical 
height h replacing s in the preceding, 


h ~ut — | gt 2 

e v 2 — u 2 — 2 gh 

It is easy to overestimate the importance of such relations or 
formulas, but it is wise to study their interpretations. In the first 
place they are equally applicable to feet or to centimeters, g being 
given the numerical values of 32 or 980 accordingly. Again put 
v = 0 in the first equation, then t = u/g indicates the time of ascent. 
So if h is made zero in the second equation, then t = 0, or 2 u/g, 
which is the whole time of flight, and so the “time up” equals the 
“time down.” Finally, put h = 0 in the third relation and v 2 = u\ 
or v = d= u, so that the return velocity equals the initial velocity 
reversed. This slight study of equations may help the student to 
realize that mathematical formulas when once derived are often full 
of information larger in content than their origin seems to warrant. 
For example, Maxwell's equations for electricity involved the idea of 

* Only the uniformity of the increase of velocity justifies this statement, which 
is rigorously confirmed by other methods. 
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wireless waves, and Hertz endeavored with success to find these; 
thus radio was discovered. 

So far acceleration has been considered only in the case of motion 
along a straight line, merely a special case. In general it may be 

stated that if the velocity of a small body 
(Fig. 11) be represented by a line or vector 
OA, and after a very short interval of time 
^ this velocity alters into OB, then AB is 
o the change of velocity in magnitude and in 

FlG ' 11 direction, and AB/t will represent the ac¬ 

celeration both in magnitude and in direction. Thus accelerations 
also are vectors, and obey the parallelogram law. 


FORCE 


22. First Law. Although the simple principles of motion have been 
considered, yet the wider question of the cause of motion presents 
many difficulties. Our personal experience in early years shows that 
bodies move when, by muscular effort, we push or pull them either 
directly or with rope or stick. The idea of “force” as the cause of 


motion thus arose. The use of horses 
or oxen, in place of men, did not 
greatly modify the idea of force as due 
to muscular effort, but the falling of 
bodies such as a stone, or Newton's 
famous apple, has clearly nothing to 
do with our muscles, or anyone's 
muscles. The question of force must 
be approached gradually. 

Aristotle (384-322 b.c.) taught that 
the heavier the body the faster the 
fall, and certainly a stone falls faster 
than a snowflake. So too a coin falls 
faster than a small piece of paper. 
Place, however, a small piece of paper 
on the top of a coin and they will fall 
together, and this suggests that the 



Fig. 12. — The Leaning Tower of Pisa 


air, by its resistance, delays the lighter substance more than the 
heavy. This is borne out by the famous old experiment of a gold 
coin (guinea) and a feather, which will fall at the same rate in a long 
tube exhausted of air. 
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Galileo (1564-1642) definitely proved that Aristotle was wrong, 
giving great offense thereby, by dropping side by side two solid 
cannon balls of different sizes from the top of the Leaning Tower of 
Pisa (Fig. 12). They struck the pavement together! This indicated 
that the weights (forces or pulls towards the earth) were proportional 
to their masses (i.e., the quantities of matter in them). 

Galileo also rolled a ball (Fig. 13) down one inclined plane and 
observed that it tended to rise to an equal height up another inclined 
plane placed exactly opposite to 
the first. If this is generally true 
then, if the second plane is made 
horizontal, the ball must go on 
forever trying to regain the same 
height as that from which it 
started. Galileo concluded that 
a body tends to remain at rest, if at rest, and if moving uniformly 
in a straight line, to continue that uniform velocity indefinitely. This 
innate pers evera nce. of matter not to change its state of rest or of 
uniform motion in a straight line is called inertia, and this property 
is not to be regarded as obvious, but is deduced from experiment. 
Whenever a body changes from rest or from constant velocity in a 
straight line a force is looked for as the cause of the change. If a 
puck is moving on very smooth ice it runs along in a straight line. 
If not, we say that someone or something struck it, it may be a 
stick or a bump on the ice. A ball will run well on smooth grass, but 
will soon stop in long grass. If a horse at full gallop suddenly 
stops, the rider goes on over the horse's head, unless he grips 
firmly with his knees. So too, if a horse starts quickly from rest, 
the inexperienced rider tends to remain at rest and slides over the 
tail. On the whole then, we can agree with Galileo and Newton 
(1642-1727) that: 

Eawl- Every body remains in a state of rest or of uniform motion in a 
straight line unless it is compelled to change that state by force acting on it. 

This law states that matter has inertia, and it explains what force 
does, but it does not suggest how force should be measured. This 
is done in the second law due to Newton. 

23. Second Law. This law is enunciated as follows: 

Eaw ll. Rate of change of momentum is proportional to the impressed 
force; and takes place in the direction of that force. 
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Here momentum is to be defined as the mass times the veiocii^ 
of man going at 5 ft. sec.” 1 has the same mo¬ 

mentum as a 100-lb. boy going at 10 ft. sec.” 1 . A 2-ton car moving 
at 40 miles an hour has the same momentum as a 4-ton car going at 
20 miles an hour, and so forth. 

Rate of change of momentum (or mass-velocity) must be the same 
as the mass multiplied by the rate of change of velocity, that is the 
mass-acceleration, for the mass of a body remains constant, at least 
at ordinary velocities. Now we know exactly what Newton meant 
by this second law; force is to be measured by the mass multiplied by 
the acceleration which the force produces. Thus, if two different forces 
act in turn on the same mass, the forces will be proportional to the 
accelerations produced. If identical forces act on different masses, 
those masses will be inversely proportional to their accelerations. 
Finally, the weights of two different masses give to those masses equal 
accelerations, as Galileo found at the Tower of Pisa. 

24. The Parallelogram of Forces. It has been indicated that 
velocities, accelerations, and forces obey the vector or parallelogram 

law. A fuller discussion of 
forces from an experimental 
point of view will be given 
in the succeeding chapter on 
statics. It is desirable to 
point out (Fig. 14) that two 
forces represented by the 
straight lines OA and OR, 
acting at the point 0, have the diagonal OC as their resultant 
or single equivalent force; and conversely that OC can be replaced 
by two forces represented by OA and OB. If the line F repre¬ 
sents a force acting on a body at O, then any two lines Ox, 
Oy , can be drawn through 0 at right angles to each other. Per¬ 
pendiculars from the far end of F falling on these lines determine 
lengths X and Y which are components of F, while X is called the 
resolved part of F along Ox and Y is the resolved part of F along 
Oy. Note that in the figure X = F cos 0 and Y = F sin 0. Of 
course F 2 = X 2 + Y 2 and tan 0 = Y/X. 

25. Units of Force. Since force is proportional to mass-accelera¬ 
tion, w r e must put F = kma , where k is some constant number, but it is 
customary to choose unit force so that k may be equal to unity. 
Hence the two absolute units; first, a poundah 



Fig. 14.- 


■ Composition and Resolution 
of Forces 
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A poun dal is a unit of force which gives a mass of one pound an accelera¬ 
tion of one foot per second per second . 

Note that the weight of a pound gives the mass of a pound an 
acceleration 32 about) feet per second per second, so that 
1 pound weight = g poundals. Hence a poundal is roughly the 
weight of half an ounce, but this must not be regarded as a definition 
of the poundal. Note that a force of 15 lb. wt. acting on a 5-lb. 
mass, let us say, produces an acceleration of 3 g or 96 ft. sec. -2 

The second absolute unit is a dyne. 

A dyne is a unit of force and is that which will give a mass of one gram an 
acceleration of one centimeter per second per second. 

The weight of a gram will give a one-gram mass an acceleration 
p(= 980 about) centimeters per second per second. Therefore 
1 gram weight = g dynes. So that, roughly, a dyne is about the 
weight of a milligram, but again this must not be regarded as a 
correct definition. A gram weight, and a pound weight are often 
called gravitational units. 

26. Mass. The student will have noticed that the definition of 
mass has not been altogether satisfactory. Newton found the same 
difficulty, because mass is so fundamental an idea. The mass is 
the “quantity of matter” in a body! A mass of feathers and a 
mass of gold are equal if they balance on a true balance. Yet it is 
their weights that are pulling them down, and we are really using the 
second law and stating that when the gravity at a place has a steady 
value, the weights are proportional to the masses. 

Consider a small piece of copper, attached as the bob of a pen¬ 
dulum. Experiments show that it swings more slowly on the top 
of a mountain than on the surface of the earth. Is that because 
there is less copper? Or because the copper weighs less? It is 
simpler to suppose that there is the same amount of copper at both 
places, but that the copper has less weight on the mountain, be¬ 
cause it is farther from the center of the earth. The mass is con¬ 
served, but the weight or pull of the earth is diminished. This 
experiment, with other considerations, justifies the distinction be¬ 
tween mass and weight. It is possible to use the statement force = 
mass X acceleration , F = ma , for a large number of experimental 
results, and to find it entirely satisfactory. That is the real evi¬ 
dence in favor of the laws. 

To prevent confusion the word pound will be used to express a 
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mass, and when a force is indicated it will be called so many pounds 
weight (lb. wt.). If a body of mass m falls freely at any place with 
acceleration g , by Law II its weight W = mg. If the body is at 
rest or in motion the weight of the body, due to the earth's pull, will 
still have a value mg. So also gram will be used for mass, and gram 
weight will denote a force. 

Remember that 

1 lb. wt. = g poundals, g = 32 
and 1 gm. wt. = g dynes, g — 980 

where the values of g are quoted approximately; for example 
g = 983 at the poles 
g = 978 at the equator 
g = 980 at latitude 45° 

It is particularly noteworthy that Newton claims in Law II that 
each force produces its own acceleration in its own direction, alto¬ 
gether apart from the other forces. 

Thus a book at rest on a table is falling down with an acceleration 
of 32 ft. sec. -2 owing to its weight, and falling up with an acceler¬ 
ation of 32 ft. sec. -2 due to the total force of the table on the book. 
These two accelerations balance, so the book is at rest. We see also 
that according to Law II the parallelogram law of forces must follow 
from the parallelogram of accelerations, and conversely. 

27. Third Law. The third law is due largely to Newton, but he 
states his indebtedness to Wren, Wallis, and Huygens whom he calls 
“the greatest geometers of our times.” 

Law III. Action and reaction are equal and opposite. 

This principle applies primarily to two bodies in contact, as when 
a man presses with his thumb on a table, in which case the table 
presses back equally on his thumb. When a horse drags forward a 
cart with traces, the cart drags the horse equally backwards. So, 
too, when there is no visible connection, the earth attracts the moon 
and the moon attracts the earth to an equal and opposite extent. 
The same relation holds when two bodies, such as billiard balls, come 
into collision; the forces on the two bodies are equal and opposite. 
It follows that the forward momentum ( mv ) of a bullet from a rifle 
is equal to the backward momentum (MV) of the gun, because the 
expanding gases of the exploding powder at all times press equally on 
bullet and rifle, but in opposite directions. 
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28. Experimental Evidence (Law II). It is well to consider an 
experiment of Newton’s. Suppose that from the ceiling there are 
hung equal light cords attached to a number of glass bottles of the 
same size, but filled with quite different substances, such as mercury, 
lead scrap, non filings, sand, and water, so that they all have about 
the same volumes, but certainly contain quite different masses. 
If they are drawn aside with a meter stick and released like a lot of 
horses starting for a race, there is a dead heat! They all swing to¬ 
gether, side by side, until the lighter ones lag a little due to air re¬ 
sistance affecting them the most. The accelerations are initially 
quite equal, and it is safe to conclude that the weights are 'proportional 
to the masses . This is Galileo’s Tower of Pisa experiment in a new 
form, but the bodies are falling along 

equal arcs of the circles, instead of 
vertically downwards. Eotvos with 
his torsion balance has since verified 
this relation with an accuracy of one 
part in ten million. 

29. Examples (Law II). Pass a 
cord over a smooth fight pulley 
(Fig. 15) and attach to the ends 
masses M and m. Their joint mass 
is M + m, the forces are Mg and mg 
pulling this in opposite directions, so that an acceleration a results, 
and by Law II, mass X acceleration = force, hence 

; (M + m) a = Mg — mg, or 
M — m 


Esin 


Mg 


Mg 


Fig. 15 


jjj jo 


It is better, however, to use separate equations, and to remember 
that the tension T is transmitted without change round the pulley, 
if it is smooth and light compared with the weights. Hence 

Ma = Mg - T 1 
and ma — T — mg J 

Solve, and we obtain a as before, while 

2 Mmg 
1 ~ M ■ - m 

If the two masses are equal (2 M) and a small rider m is placed on 
one of them, we have a = mg/(2 M + m) and this can be made small 
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enough to measure the time of fall through a measured height h, 
where h = § at 2 . Knowing M, m, h, t, it is easy to calculate g in 
ft. see. -2 , or cm. sec. -2 Numerous corrections for the weight of the 
string and of the pulley must be applied and it is troublesome to get 
a correct value as compared with the pendulum method of finding g, 
which will be given later. The above is the principle of Atwood’s 
machine wiiieh is now r rather an obsolete device. 

If a mass M rests on a smooth table (Fig. 15) and is joined to a 
mass m by a light cord passing over a light pulley at the edge of the 
table, then the mass moved is M + m. There is only the weight 
mg to move it, hence (M + m) a — mg , and a = m/(M + m) g . 
Again, using tw r o equations: 

Ma= T 1 
ma — mg — T J 

as before, equals mg/(M + m) and T equals mMg/(M + m). 

Let M = 3 kg. and m — 2 kg., then 

a = | g = 1 X 980 = 392 cm. sec.~ 2 , and 
T = 1200 g dynes = 1200 gm. wt. = 1.2 kg. wt. 

Consider a person, or body, mass m in an elevator. If the elevator 
is at rest, or ascending or descending at constant velocity, there is no 

acceleration and the upward force R of 
the floor on the man balances the 
weight, so that R = mg in absolute 
units. If, however, the elevator is going 
up (Fig. 16) with acceleration a, the rate 
of change of momentum is ma, the up¬ 
ward force is R', the downward weight 
is mg, and by Law II 

ma — R' — mg ma = mg — R 

Fia ‘ 16 so that the upward force is R' = m(a + g). 

If m = 200 lb., g = 32, a = 4 ft. see.- 2 , then 

R' ~ 200 (32 + 4) == 7200 poundals = 225 lb. wt. 

If the elevator descends with an acceleration of 4 ft. sec.~ 2 , ma = mg - R 
and R = m(g — a) = 200 (32 ■ 4) = 5600 poundals 175 lbTwtT 

If the chain of the elevator breaks and the cage falls freely under 
gravity, many interesting things happen! The man no longer 
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presses on the floor. Bodies released from his hand seem to him to 
float in space by his side. It is only when the cage reaches the bottom 
of the shaft that matters get complicated! 

30. Impulse. When two bodies collide there is an impact, and 
each body receives an impulse or blow. This consists of a large 
varying force acting for a very short time. For example, when a 
rifle or gun is fired the ignited powder turns into gas and a pressure 
begins at zero, mounts swiftly to a maximum, and then dies away to 
zero as the bullet leaves the rifle. The force due to the pressure is 
continually giving as much mass-acceleration to the bullet forward as 
it is giving mass-acceleration to the rifle backwards, and for the sam e 
period of time. Thus the whole change of momentum forward of the 
bullet equals, and is opposite to, the whole change of momentum of 
the rifle backwards, or 

MV = mv 


where M and V refer to the rifle, and m, v to the bullet. This back 
kick of a rifle is painfully felt by the man who does not hold his rifle 
firmly to the shoulder. If he holds it correctly, the upper part of his 
body recoils with the rifle. 


Newton made many experiments with spheres hung by threads 
so that he could measure their velocities before and after collision. 
In all cases he found that the changes of momenta were equal and 
opposite. The impulse on a body can therefore be measured by the 
whole change of momentum produced. There is no special term for 
the unit, so that magnitudes can be expressed in 
lb. ft. sec. -1 or gm. cm. sec. -1 

Suppose a large ball M, with velocity U, col¬ 
lides with a small ball m, with less velocity u 
(Fig. 17), then after the collision suppose that 


U Velocities 
before 



->. Velocitie, 

V after 

Pig. 17 


the large ball moves with less velocity V, while 
the small ball goes forward with velocity v. 

The impulse given to the large sphere is 
M(U - V), to the left. The equal impulse given to the small sphere 
to the right is m(v - u), so that M{U — F) = m(v — u), and hence 


MV + mv = MU + mu 


or momentum is conserved at a collision; the loss balances the gain 
These experiments endorse the view that “Action and Reaction are 
equal and opposite.” 

In the case of uniform acceleration in a straight line, the force: 
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F = ma, and v = u + at 
therefore F = ra (v — u)/t, 

so that Ft_ = m{v - u) = change of momentum = imp ulse 

Hence an impulse is of the nature of force X time, and can be e x¬ 
pressed" in poundal-seconds, or in dyne-seconds. It can be proved 
that"with a force-time curve for any explosion* or impact the area 
under the curve is the impulse. High explosives give a quick rise 


Fig. IS. — Ball on Tee Struck by Golf Club. Note the great compression in the left- 
hand picture and that the blow is ended before the ball has cleared the tee. 

to large values of force with short duration; gunpowder has a longer 
period with less intense force. 

High speed photography at the Massachusetts Institute of Tech¬ 
nology has revealed how great the force and how brief the time of a 
blow may be. In Fig. 18, the ball is greatly compressed by the club 

before the ball is much displaced on the 
tee, and the whole impulse is at an end, 
before the ball has moved half an inch, 
and in less than a thousandth of a 
second. 

31. Ballistic Pendulum. If a bullet (Fig. 
19) of mass m, moving with velocity v , is 
fired into a large block of wood of mass 
M , suspended at the bottom of a light bar 
which can turn freely about the upper 
end, then the bullet may imbed itself in 
the block, which will move with velocity 
V from rest, so that mv = (M + m) V, for there will be no loss of 
momentum. The block with the bullet in it will swing sideways 



—>v 


Fig. 19 
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and ascend to a maximum height h above its original level, so 
that 

From these two equations it is easy to calculate the velocity of the 
bullet, 

Al¬ 


ii M — 20 lb., m = 2 oz., h = 3 in., then v = 644 ft. sec. 1 nearly. 


ENERGY 



32. Work. Those who have used a shovel to raise snow or earth 
to a higher level are ready to admit that they have done work. It 
is also true that it requires work 
to haul a body of any kind over 
rough level ground. If such a 
body is dragged up a hill the work 
is still harder, because there is 
now a combination of raising the 
body to a higher level, and of 
overcoming the friction of the 
ground. It is necessary to be 
definite as to the exact meaning 
of work, which depends on the 
force employed in overcoming re¬ 
sistance, and the distance through which the body is displaced. 
Sometimes the displacement is not in the direction of the force, as 
when a horse on a towing path pulls a barge along a canal (Fig. 20), 
or -when a boy drags a sled by a rope inclined at an angle to the 
ground. Hence a full definition is given: 


Fig. 20. — The work done by force F 
is F X AB cos 0 
or F X AM 
or X X AB y 

where X is the component of F along AB 


Definition of work . If a body , on which is acting a force F, is displaced 
from AtoB then the work done by the force is F X AB cos 6 where 6 is the 
angle between AB and die line of action of F. 

The same result may be written as AR X F cos 0 and indicates the 
distance moved multiplied by the part or component of the force acting 
along the line of displacement (Fig. 20). If the displacement is 
in the opposite direction to the force then the work done by the 
force is negative . It requires little work to move a heavy body at 
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constant velocity over very smooth ice, because the opposing force 
is small. 

33. Units of work. The fundamental unit is an erg, defined thus: 

An erg is an absolute unit of work and is the amount of work done when a 
force of one dyne is exerted on a body, and the body is displaced one centi- 
meter in the direction of that force . In brief, an erg is a dyne-centimeter. 

So also the absolute unit of work, in the ft.-lb.-sec. system, is the 
foot-poundal, and this is defined exactly as above, replacing the 
word dyne by poundal , and the word centimeter by foot. 

There are also gravitational units such as the gram-centimeter, 
where a gram weight is the force; or the foot-pound, where a pound 
weight is the force. Since 1 gm. wt. = g dynes, so a gm.-cm. = 
ergs, where g is about 980, varying from place to place with'change of 
altitude, or latitude. Because 1 lb. wt. = g poundals, it follows that 
1 ft.-lb. = g foot-poundals, where g is about 32, numerically. A 
useful absolute unit is the jo ule .which is ten million ergs, or 1 joule Js 
IQ 7 ergs . Sometimes the kilogram-meter is used; it is" a gravitational 
unit equal to 10 5 gm.-cm. 

If a mass of 5 kg. is raised through a vertical height of 4 m., by any 
path, the work done against gravity is 20 kg.-m., or 2,000,000 gm.-cm., 
or 1960 million ergs, or 196 joules. Work can be positive or negative. 
If this mass is lowered back to its original level, the work done by 
gravity is again, numerically, 196 joules, but the total work in raising 
and in lowering the mass is zero. If a man drags a sleigh over rough 
level ground with a horizontal force equal to 100 lb. wt. through a 
distance of 50 ft., then the work done is 5000 ft.-lb. If he drags it 
back again by the same path to the original position he will have done 
another 5000 ft.-lb., and the total work done will be 10,000 ft.-lb. 

Never confuse force and work, or a dyne and an erg. It is 
sometimes useful to remember that a foot-pound is equivalent to 
1.356 joules, so that 1 joule = 0.7373 ft.-lb., but these are not 
definitions. 

34. Kinetic and Potential Energy. The woi*d work is often re¬ 
placed by a Greek equivalent energ y, which signifies capacity to do 
work. This also is measured in ergs, joules, foot-pounds, "or other 
units of work. 

There are two main types of energy, one is that of position or shape, 
called potential energy, e.g. the weight of a clock wound up to run the 
works, water "dammed to drive a turbine, a bow bent to shoot an 
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arrow, an elastic stretched as with a catapult, or a steel spring wound 
up to drive a watch. 

The other type is kinetic energy dr that due to motion, as in the 
case of wind, which can drive a windmill; a current of water, which 
can rotate a water wheel; a bullet, or shell, or car, or train in motion; 
or a revolving flywheel In all such cases the kinetic energy can be 
measured by the amount of work required to stop that which 
moves. 

Consider, for example, a body, such as a bullet, mass m, moving 
with velocity v, and let it be stopped by an opposing uniform force F 
in space s. If a be the retardation, . 

v 2 = 2 as, but 

F = ma, where F is in dynes; or poundals 
Hence the work done, namely 

jmXw, or \ mv 2 in ergs; or foot-poundals 

It is concluded that the kinetic energy of mass m moving with velocity 
v is | mv 2 . For example, a 200-gram bullet going at 400 meters a 
second has a kinetic energy of J X 200 X 40,000 2 ergs, or 16,000 
joules. So a 64-pound shell traveling at 1000 ft. sec. -1 has a kinetic 
energy of i X 64 X 1000 2 foot-poundals, or a million foot-pounds, or 
500 foot-tons, since a ton is 2000 pounds, and the weight of a pound 
is 32 poundals. 

If a bullet of mass m is uniformly retarded by a force P in going 
through a door of thickness d , then the work done is P X d. If this | 
reduces the velocity from v to u the loss of kinetic energy must be j 
| mv 2 — \ mu 2 . Are these two expressions equivalent? Remember- ! 
ing that u 2 = v 2 — 2 ad, it follows that ^ mv 2 - \ mu 2 - mad = Pd, \ 
so that the loss of kinetic energy is again equal to the work done on the 
body. 

On a very smooth switchback a car, mass m, may increase its 
speed from ^ to 0 in descending a vertical height h, by any devious 
route. The gain of kinetic energy \ mv 2 — § mu 2 should equal the 
work done by gravity, namely mgh; equating these and cancelling 
m, which means that the mass of the car is of no importance in this 
result, it is found that 
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Air resistance and roughness of the track will give a less value of v. 
Some of the energy due to gravity is thus changed into an equivalent 
amount of heat. 

35. Conservation of Energy. A great principle has been gradually 
evolved which is the basis of physics, namely that energy can neither 
be made nor destroyed, but that it can be changed in form. Maxwell 
(1831-1879) made the following statement: 

“The total energy of any body, or of any system of bodies, is 
a quantity which cannot be increased or diminished except by 
external agency, though it can be changed into the various 
possible forms of energy, such as kinetic, potential, heat, mag¬ 
netic, electrical, radiant, chemical.” 

The “system” referred to may be a solar'system, a machine, a hydro¬ 
electric system, a tree, or an animal.. In any such case it is possible 
to form a balance sheet showing the equality of input and output of 
total energy. It is interesting to trace the sources of our energy 
back to our great powerhouse, the sun. Thus heat in radiators — 
furnace coal — ancient forests — sunlight. Electric light — gen¬ 
erators — water powerrain — clouds--sun’s heat evaporating 
water. Motor car — gasoline — oil — vegetable and a nim al life — 
sunlight. The sources of the sun’s long continued output of heat 
energy is an interesting problem in modern physics; it is perhaps 
due to either the destruction or rearrangement of the constituents of 
atoms and to the appearance of an equivalent amount of radiant 
energy. Indeed one of the greatest discoveries of the century is that 
of Einstein who stated a simple proportionality between mass and 
energy 

E = Me 2 

where E is the energy in ergs, M is the mass in grams, and c is the 
velocity of light, 3 X 10 10 cm. seer 1 Thus the total intrinsic energy 
of one gram of any material, even at rest, is 9 X 10 20 ergs, or 9 X 10 13 
joules, or 6.6 X 10 13 ft.-lb., or 3.3 X 1(P ft.-tons, sufficient to raise 
a 33,000-ton ship up through a million feet! We may therefore 
consider mass to be a form of energy, and state that energy always 
has mass. 

36. Power. Those who do physical work are aware that there 
are two factors to be considered, (1) the quantity of work, (2) the 
time occupied in doing that quantity of work. 
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it would fall down a distance x = i- gt~ in the same time t. Put t =y/u 

in the last statement, and we get 
£ = i gy 2 /u 2 - Now according to 
Newton’s Second Law this will 
represent the path of the body 
because both motions take place 
together, the falling motion and 
the horizontal motion (Fig. 21). 
It is well to draw such a curve, 
and this has been done for u = 16 
ft. sec." 1 , g = 32 ft. sec." 2 , in 
which case the equation becomes 
y 2 = 16 x. As the to-and-fro 
Fig. 21 horizontal motion is reversible, 

and also the up-and-down motion 
under gravity, it is easy to think of the whole motion as reversible. 
The stone could be thrown back so that the path is reversed, and the 
parabola would be retraced. If 

, . . .. » i _ Horizontal distance in feet 

at any pomt a particle has a hori¬ 
zontal velocity u, and a vertical 
velocity v upwards, then in time 16 
t the distance d traversed hori¬ 
zontally is d - ut, and the height 32 
attained is h = vt — J gt 2 . Hence, 
putting h = 0, we get the time 48 

of flight t = 2v/g; therefore the 64 

range R - 2 uv/g , from the point 
of projection, and on level ground. so 

If V is the original velocity, in- 
dined at an angle 8 to the hori- > 
zon, u — V cos 8, v = V sin 6 and 

• 2F 2 . n n 72 112 

the range is-sm 8 cos 6, or — 

^ g i28 

sin 2 8. This is a maximum when 

sin 2 8 = 1, and 6 = 45°, so that 

,7 . 7 2 ■^ IG * 22. — Four Parabolas, 

the maximum range is — • In Horizontal Velocities 8, 16, 32, 64 ft./sec. 

Fig. 22 four parabolas^ Gave been drawn assuming that the vertical 
downward acceleration is 32 ft. sec. -2 while the horizontal velocities 
are in succession 8,16, 32, 64 ft. sec. -1 
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38. Motion in a Circle. If a body or particle moves at constant 
speed v round the circumference of a circle, its velocity is always 
varying because the direction of v is changing. It will now be shown 
that in this case the accele ration is towards the center, that is, centrip¬ 
etal (or center-seeking), and that the magnitude of the acceleration 
is tP/r, where r is the radius of the circle. On the circle (radius r, 
center C, in Fig. 23), let P be the po¬ 
sition of the particle with velocity v 
directed, say, to the north. At any 
exceedingly short time t later, let the 
particle be at Q, still having a tan¬ 
gential velocity v. Take any point 
0 and draw Op, Oq , parallel to and 
representing the velocities v at P and 
Q . Then pq represents the change of 
velocity in time t, and the acceleration 
a = pq/t. Note from the similar fig¬ 
ures Opq and CPQ, that pq/PQ = Op/CP = v/r. Hence a = pq/t = 
v/r • PQ/t = v 2 /r, since PQ/t = v. This result is of great impor¬ 
tance in physics, and the above proof can be made quite rigorous by 
regarding a as the limiting value of pq/t, and v as the limiting value 
of PQ/t, when P and Q approach indefinitely close together and t is 
correspondingly diminished. Note particularly that the acceleration 
is from p towards the near point q in the diagram, so that the body at 
P has an acceleration from P towards C or is centripetal, not cen¬ 
trifugal; and that the magnitude of this acceleration is 

_ (velocity) 2 _ 

radius of the curved path 

39. Centripetal Force. Many experiments can be shown with a 
whirling table to illustrate the forces concerned in circular motion. 
A small heavy body of mass m on a stout string can be made to rotate 
in a circle which is nearly horizontal. The tension of the cord pulls 
the body towards the center with a tension T which, by Law II, 
equals the mass-acceleration, so that T = ,mv 2 /r. If the string 
breaks, the body will, by Law I, go on along the tangent and it will 
not “fly from the center.” Flywheels and grindstones revolving at 
too high a speed may break, and the pieces will move off tangentially. 
If mercury and water are rotated rapidly in a glass bowl, the heavier 
mercury will be on the outside, and the lighter water on the inside 
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of the mass. Hence the use of cream separators to collect the lighter 
substance, cream, near the axis, while the heavier substance, milk, is 

driven to the outside. If the hand 
holds a string attached to a stone 
which is whirled swiftly in a circle, 
then the string tension pulls the stone 
from straight line into circular motion. 
The acceleration of the stone and 
the force on the stone are alike cen¬ 
tripetal. The string tension however 
tends to pull the hand away from the 
center, and this force is centrifugal. 
The centripetal force on the stone and 
the centrifugal force on the hand are 
together a case of action and re¬ 
action. 

A mass, fastened to the bottom of 
a cord with the upper end fixed, can 
not only be made to swing to-and-fro 
in a plane, it can also be projected 
sideways so as to describe an ellipse, < 

or as a special case, a circle. In this 
case it is known as a conical 'pendulum 
resembling the governors of a steam 
engine which control the supply of 
steam to the piston. If the engine goes 
too fast the balls of the governors 
move farther out and by a lever cut off 
some of the steam supply by a throttle; 
and conversely (Fig. 24). 

Let m be the mass at P (Fig. 25), 
fastened to the cord CP, attached ^ 
sharply at C. Let P describe with 
uniform speed v the horizontal circle 
with radius r, whose center is at 0 
straight below C. If Zis the length, T „ „ . . _ , . 

the tension of the cord, mg the weight 

of the mass, then these two forces produce the acceleration v 2 /r acting 
centripetally from P towards 0. This is shown graphically by the 
small diagram on.the right of the figure. If d is the inclination of 
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the string to the vertical, 

m — = T sin 0 
r 

mg — T cos 6 

whence by division tan 6 = v 2 Jrg, as may be seen directly from the 
force diagram. 

A man running, skating, or riding on a bicycle, with speed v round 
a curve of radius r leans over inwards at an angle 6 with tEe vertical 
The tension T of the conical"pendulum may be replaced, by a total 
reaction R going through his body upwards from the ground, which 
must be sufficiently rough or he will fall inwards on his side. The 
other force is his weight, mg. The force diagram (Fig. 25) completely 
represents the situation, if T is replaced by R. This mass-accelera¬ 
tion mv 2 /r is produced jointly by R and mg, hence from Fig. 25, 
on the right, 

v 2 ' __ 

tan 0 


In the case of a railwa y or of a racing track, the rails are tilted, or the 
track is banked up, to a suitable angle; thus, when there is a curve 
of radius r to be traversed with a speed v, the slope with the horizon, or 
tan 0, must equal v 2 /rg as before. For example, if v = 30 miles per 
hour = 44 ft. sec. - " 1 , r = 220 ft., g = 32 ft. sec." 2 , then tan 0 = £& = 
0.275, and 6 = 15° 24'. 

If a bucket with some water in it is whirled quickly round in a 
vertical circle atlTmTsTength, the water will not leave the bucket 
when it is upside down, although the weight 
of the water and pressure downwards of the 
bucket on the water both tend to make it \ 

do so. These two forces, rrig and R, are only / \ 

sufficient to produce the mass-acceleration - \ 

mv 2 /r towards the center; in fact, f 

mv 2 i 

— = mg + R, all downwards / 


As v is diminished, R vanishes when v 2 = rg , 
and i f the bucket is swung more slowly, then 
at its highest position the water will fall out. ” 

Looping the loop (Fig. 26) in an airplane ~ b 

is a parallel case, at least when the pilot is on the inside nearer the 
center. The loop, when the pilot is on the outside, though dynami- 
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cally the same, is a terrible experience, and the pilot must then be 
well strapped in. 

OSCILLATIONS AND ROTATIONS 

40. Simple Harmonic Motion. If a small body, or particle, moves 
to-and-fro along a straight line and through a central point so that 
the acceleration of the particle towards the point is proportional 
to its distance from it, then the particle is said to have simple har¬ 
monic motion. This type of motion is 
best examined by a geometrical construc¬ 
tion as follows. 

Consider a circle (Fig. 27) with center C 
and with a fixed diameter AB, and let Q go 
round the circle with uniform speed v, and 
CQ revolve with constant angular velocity 
to; therefore v = cor. The acceleration of 
Q towards C is v 2 /r or « 2 r. Draw QP 
perpendicular to AB and examine the 
motion of P along AB. The acceleration 
of Q parallel to AB is coV cos 8, or co 2 • CP; hence the acceleration of 
P is towards C in direction, and co 2 • CP in magnitude. Hence the 
acceleration of P is proportional to its displacement from C, so that 
P has, by definition, simple harmonic motion. The period of a 
complete oscillation from B through C to A and back through C to 
B is denoted by T. While Q goes once round the circumference, P 
does a complete oscillation. The period is easily measured by con¬ 
sidering the angular motion of CQ which goes through the angle 2 x 
radians, with an angular velocity co radians per second, hence the 
period of P is 



Finally the velocity of P = velocity of Q parallel to AB 
= v sin 6 
= c or sin 8 


so that the velocity of P along AB is numerically proportional to 
PQ and is a maximum at C, and zero at A and B, while the accelera¬ 
tion is zero at C and a maximum at A and B. CB or CA is defined 
as the amplitude of vibration, and it will be noted that the period 
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of vibration is independent of the amplitude provided a> is fixed. Put k 
for or and summarize thus: 

The acceleration of P towards the center is k times the distance 
CP, the velocity of P towards the center ^numerically equal to 
VkQP, and the period of oscillation is 2 nr/ 

If a mass is hung in equilibrium from the lower end of a spiral steel 
spring, firmly clamped at the top end, then, on pulling the mass 
downwards and releasing it, there wall result simple harmonic motion, 
provided that the spring obeys Hooke's law. The restoring force 
on the mass wall be proportional to its displacement from equilib¬ 
rium, and this force will produce on the mass an acceleration pro¬ 
portional to the force, so that, in turn, the acceleration will be 
proportional to the displacement from equilibrium, hence by defi¬ 
nition there is simple harmonic motion. It is not difficult to show 
that the period of oscillation is independent of the amplitude, where 
amplitude means the maximum displacement, up or down, from the 
position of equilibrium. 

41. Simple Pendulum. Let a small ball of heavy metal, called a 
bob, be fastened at the lower end of a light, strong thread, while the 
upper end of the cord is held firmly in a clamp. It is then possible 
wdth a stop w r atch to measure the time of a counted number of com¬ 
plete swings and, by simple division, to ascertain the period T of 
one complete to-and-fro oscillation. It is soon found, on altering the 
length, that the longer the string, the longer the period of a complete 
swung. Moreover if the distances through which the bob swings 
from side to side are small compared with the length of the cord 
it will be found that “the period is independent of the amplitude." 
The amplitude is half the full distance of swing from side to side. 
This independence of the period as regards the amplitude was first 
noted by Galileo who used his own pulse with which to time the 
periods of a great candelabrum hanging from the roof of a cathedral. 

If a number of simple pendulums be made whose lengths are as 
1, 4, 9, then their periods are as 1, 2, 3, and it can be shown that their 
lengths are proportional to the squares of their periods. The time 
of swung is also dependent on g, the acceleration due to gravity, which 
can be determined with considerable accuracy when the period T and 
the length of thread l have been carefully measured. 

42. Proof of the Formula for a Simple Pendulum, The next step 
is a proof of the formula 

e-'V? V 



3S 


DYNAMICS 


where T is the period of a complete to-and-fro oscillation, g is the 
acceleration due to gravity, l is the length from the definite and firm 
point of suspension to the center of the small bob. 

For example, if l = 2 feet, g = 32 ft. sec. -2 , then the period 

T — 2 7 r 4 / = 2t/4 = 1.57 seconds 


In Fig. 28, the point of support is at C and the bob at P, with the 
thread CP, length l, displaced through an angle 6 . Draw a vertical 
line CO through C and let PM be a perpendicular upon it. Suppose 
that the bob is moving down towards the lowest point 0. Then its 
tangential acceleration, a, wholly due to the 
component of its weight mg, is by Law II 
given by 

ma = mg sin 6 

and it will be seen that the angle between the 
tangent at P and PM is equal to that be¬ 
tween the thread and the vertical, as noted 
in the figure. Therefore 

a = g sin 0 
PM 
= g ~T 



| Hence the acceleration of P is q/l times its 

Fio. 28 . — Simple Pendulum displacement PM, and, for small displace¬ 
ments only, the case is closely analogous to 
simple harmonic motion (Sect. 40). In that case when the accelera¬ 
tion was k times the displacement, the period was 2 x/VT. Replace 
k by g/l and T = 2 x VT/g. It will be noticed that the mass of the 
bob does not enter into this result. 

43 . Compound Pendulums. In clocks the bobs of the pendulums 
are not small nor are the supporting rods light, but it is still true that 
for small oscillations the periods are independent of the amplitudes. 
In order to find the value of g Eater (1777-1835) used a reversible 
pendulum, apparently symmetrical about the center of a brass rod, 
which was, however, unequally weighted, and was suspended in 
turn from two pivots so that the periods were nearly identical. 
The technical methods of finding g need not be considered here. 

The period of a simple or of a compound pendulum is dependent 
on the value of g, the acceleration due to gravity, which is constant 
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at any given place, but varies with latitude and with the height above 
or the depth below sea level. On a mountain top the value of g' is 
found, as a rule, to be less than the value of g at sea level, because, 
as will be seen later (Sect. 49), the force of gravity is inversely pro¬ 
portional to the square of the distance from the earth's center, so that 
q g = R 2 /(R + h) 2 , w 7 hen R is the radius of the earth and h the 
height of the mountain top above sea level. So too, down a mine the 
acceleration g f will be less than the corresponding value g at the sur¬ 
face, and it may be proved from Newton's law of gravitation that in 
this case g'/g = (R — d)/R, when d is the depth of the mine. Ac¬ 
cordingly at the center of the earth the value of g f should be zero, 
for all the mass of the earth would be equally distributed about the 
center. This is one of the many cases in physics where verification 
by experiment presents insurmountable difficulties. 

There are variations in the value of gravity from place to place 
due to the greater or less density of the material beneath the surface 
of the earth. Eotvos invented a special torsion balance to investi¬ 
gate this point, and such instruments are in frequent use today for the 
discovery of rock-salt domes of low density far beneath the surface 
of the earth, for oil is frequently found on the flanks of such domes, 
while native sulphur has been found in great abundance on the caps 
of others. 

44. Rotation. So far attention has been given to the dynamics of 
small bodies or particles, but it is necessary to consider also the 
motion of large bodies moving under external forces. 

It follows, for example, from Newton's laws of motion, that if a 
large body is thrown as a projectile under gravity alone and the 
resistance of the air is neglected, it is the center of gravity of the 
whole body that- will describe a parabola, irrespective of any rotation 
that the body may have. If a shell bursts in the air and divides into 
fragments, the center of gravity of the fragments will likewise con¬ 
tinue its former path. It is necessary to give special attention to the 
dynamics of bodies spinning or rotating about an axis, such as fly¬ 
wheels, or tops, or larger bodies such as the earth, or even double 
stars revolving about their common center of gravity. If it is re¬ 
quired to make a flywheel, from a given amount of iron, which will 
be as efficient as possible in storing up kinetic energy by rotation, 
then most of the material will be placed in the rim of the wheel. 
The energy of the wheel will depend on its mass, and in some manner 
on the distance of that mass from the axle, besides which it will de- 
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pend upon the angular velocity, possibly expressed in radians per 
second, or as revolutions per minute, or per second. 

Work must be done to speed up the wheel from rest, and work 
must be done in order to stop the wheel, and indeed, to vary its rate 
of rotation in any manner. The whole energy of the wheel is the 
sum of the energies of its particles, and if the particles have masses 
mi, m*, viz' * * with corresponding velocities Vi, v%, Vz, • • • then the 
total energy of motion is | mivr + J m 2 v£ * a most inconvenient 
quantity to calculate. Since Vi = oon, v 2 — oor 2 , etc., where co is the 
angular velocity of the whole wheel, and n, n * • * are the distances 
of the masses mi, m 2 • • • from the axis of rotation, it follows that the 
kinetic energy is § oo 2 [m\r^ + m 2 r 2 2 +•••]. The quantity in the 
brackets is called the moment of inertia and is denoted by the letter 
I, so that in brief 

1 - 2mr 2 , or in words: 

The moment of inertia of any body about a stated axis is determined 
by considering the body as divided into a vast number of elemental 
particles, or masses, and then summing* the product of the masses 
each multiplied by the square of its distance from that axis. More¬ 
over the kinetic energy is now expressed as f loo 2 . The value of I 
is usually calculated by mathematics, when the body in question has 
a symmetrical form, and in other cases it is determined by experi¬ 
mental methods involving the torsion of a wire. 

45. Simple Cases of Moment of Inertia. 

(1) For a flywheel, mass M, with its whole mass in the rim, of 
radius r, 

I = Mr 2 , about the central axis 

(2) For a uniform circular disk or cylinder of mass M and radius r, 

r 2 

I = M -2 , about the central axis 

(3) For a sphere of radius r, mass M, 

I = M | r 2 , about a diameter 

(4) For a thin rod, length 2 l, mass M, about a line perpendicular 
to the rod through its middle point, 


* The Greek capital S, called sigma and written 2, is often used for the alge¬ 
braic sum of a number of quantities of the same kind. 
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(5) For a rectangular body, mass M, edges 2 a, 2 b, 2 c, and about 
an axis through the center and perpendicular to 2 a, 2 b, 


The proof of (1) is obvious, the proofs of the remaining four are 
beyond the scope of this book, and must be postponed. 

It is often useful to put I = Mk 2 , when M is the total mass, and 
k is called the “radius of gyration” about the axis under considera¬ 
tion. 

Consider two young people on a seesaw (Fig. 29). They will 
oscillate slowly w 7 hen at the ends, and the moment of inertia is great, 
but as they approach each other at the center and their moment of 
inertia about the pivot grows less, so will their period of oscillation 
become more rapid! If a man (Fig. 30) stands on a free turntable 




with some heavy weights in his hands, he will revolve slowly when the 
weights are stretched out at arms’ length, as t compared with the 
faster revolution when the weights are drawn in to his chest. 

So, too, if the earth contracted by cooling, it would turn more 
rapidly on its axis, and there would be a decrease in the length of the 
day. All these points suggest that it is not merely a question of 
the total mass in rotation, but of the distance of the masses from 
the axis which is all important in rotational problems. Moments of 
inertia are involved in the rolling, pitching, and yawing of a ship or 
of an airplane. 

46. Angular Motion. If a moving line makes an angle of d radians 
with a fixed line in the same plane, and if the angular velocity co is 
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uniform, that is, has equal increases of the angle in equal intervals 
of time, then the angle which 6 turns through in time t is equal to cot 
If the angular velocity is not constant but increases uniformly, 
then the change of angular velocity co = at, where the angular 
acceleration a is the rate of increase of angular velocity. Thus we 
get a parallel between angular motion and linear motion in a straight 
line 


Linear Motion 

(1) s = ut 

(2) U = u + at 

(3) s = ut + } at 2 

(4) U' 2 — u 2 + 2 as 


Angular Motion 
6 = cot 
£2 = co -j- at 
6 = ut+ § at 2 
12 2 = co 2 —(- 2 a9 


where 12 and U are the final angular and linear velocities respectively. 

If a solid disk, or cylinder, rolls straight down a slope, then it will 
acquire both translational and rotational energy. After it has 
descended a vertical height h from rest it will have lost potential 
energy equal to mgh . If the velocity of the center is then v, and if at 
the same time the angular velocity is oo, the gain in kinetic energy 
will be 

\ mv 2 + | loo 2 


where in this case I = ma 2 / 2 , and a is the radius of the disk. 
Since the point of contact is not moving with respect to the hill, v 
must equal aco. Hence 

q2 

mgh — \ mv 2 + ^co 2 



and 


v 2 = %gh 


For a solid sphere or ball, v 2 = y gh , and for a hoop, v 2 = gh, while 
for a very smooth sleigh it would be 2 gh. It will be noted that 
the mass m cancels out, and the radius does not finally appear, so 
that two solid balls of any size and density would roll down side by 
side. 

The accelerations down a smooth slope, making an angle a with 
a horizontal plane, are therefore 

sleigh ^ ^ g sin a 
solid sphere | g sin a 
solid cylinder f g sin a 
hoop | g sin a 
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An example of the kinetic energy of rotation (Fig. 31) is that of 
a mass Mi falling from rest through a height h, and thus causing a 
solid disk or cylinder, of mass M and radius a, to rotate by means of 
a light cord attached to Mi and wound round M. 

If v is the velocity acquired by Mi, and w the an¬ 
gular velocity of the disk, then v = aw. The 
energy equation gives 

\ Miv 2 + \ 7w 2 = Migh 

and remembering that I = Ma 2 /2 , it follows that 
v is derived from 

2 M i gh 

v ~ “ Mi + M/2 

If Mi = 5, M = 10 lb.; a - 6 in.; h = 3 ft.; v = 

9.S ft. sec.” 1 

47. Angular Momentum. Consider a small 
heavy mass m fastened to one end of a light rod, 
revolving in a horizontal circle about a pivot at the 
other end of the rod. Then the mass describes a 
circle of radius r, with velocity v, and angular velocity w. It has 
already been shown that the velocity v = rw, the momentum = 
mv = mwr, and the kinetic energy = § my 2 = | mrV. Th e mom ent 
of the momentum about the center is defined as mv multiplied by the 
distance r, namely mvr or mr 2 w. The name “angular momentum” 
is more frequently used than “moment of momentum.” 

Instead of one mass m let there be a large number of masses mi, 
mo, mz * • • at perpendicular distances n, r 2 , r 3 • * • from a central 
axis, and let them be rigidly attached to each other by some con¬ 
nections so that they revolve with a common angular velocity w. 
Then, as before, their total kinetic energy = \ 2mr 2 w 2 , or | w 2 2mr 2 , 
and their total moment of momentum, or angular momentum, equals 
2mr 2 w, or coXmr 2 , w T here 2mr 2 — + m%r£ • • ■ covers 

the whole system, and this quantity has already been called the 
moment of inertia, I, about the stated axis. 

It is then possible to state, for a revolving body of any kind, 
e.g., rod, ball, disk, wheel, etc., that about any stated axis of rotation, 
the kinetic energy = 17w 2 , and the angular momentum = Iw. 

48. Angular Acceleration. The great principle of dynamics is 
that mass-acceleration, in any direction, of a small mass is equal to 
the resolved parts in that direction of all the forces acting on the 



Fig. 31 
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mass. It is possible to extend the principle of moments,* and to 
state that the algebraic sum of the moments of the mass-accelera¬ 
tions is equal to the algebraic sum of the moment of the forces. 

Yet further, in the case of a large and rigid body about any axis, 
the algebraic sum of the moments of the mass-accelerations equals the 
algebraic sum of the moments of the external forces, for the actions 
and reactions of internal forces will cancel. 

If a is the angular acceleration, this means that la = sum of the 
moments .of all external forces. 

If there are no external forces la = 0, and therefore is constant. 
Hence the great principle: 

When there are no external forces acting on a body which is revolving 
about an axis, then the angular momentum is constant . 

If, for example, the earth is cooling and shrinking, then its moment 
of inertia I would decrease to a less value and, in consequence, the 
angular velocity co w r ould increase to a/, since 

= ZV 

On this account the day would become shorter. It is probable, 
however, that the tides, caused chiefly by the moon’s attraction, 
may by their frictional resistance in certain areas, such as the Irish 
Sea, Bay of Fundy, etc., check the earth’s rotation, and thus lengthen 
the day. On the whole the earth appears to hold its angular velocity 
remarkably constant, and therefore gives a good standard of time. 

Regard the earth and moon as one system, without external forces, 
and suppose that the earth loses angular momentum owing to the 
tides caused by the moon, then the moon must gain the angular 
momentum lost by the earth. This is done by the moon moving 
farther away from the earth. Perhaps it was in the past a part of 
the earth! 

Furthermore, in old days, perhaps the earth caused tides in the 
moon, if and when there was water there. The result is evident, 
that the moon keeps a constant face to the earth, and no one has 
seen the back of the moon. This speculative material is at least 
illustrative of dynamical principles. 

* The moment of a force about any point is the product of the force and the 
length of the perpendicular on the line of action of that force from the stated 
point. (See Statics, Sect. 63.) 




GRAVITATION: THE SOLAR SYSTEM 


45 


GRAVITY 

Gravitation: The Solar System. Newton stated his law of 
gravitation somewhat as follows: The force F between two small 
masses M and mat a distance r apart is proportional to Mm/r 2 , so 
hat F == GMm/r 2 , where G is called the “gravitational constant,” 
nottobe confused with g, the “acceleration due 
to gravity.” 

Various planets, Mercury, Venus, the Earth, 

Mars, Minor Planets, Jupiter, Saturn, Uranus, 

Neptune, and Pluto, revolve around the Sun. 

Around most of these planets revolve one or more 
satellites, or moons. 

For example, our moon (Fig. 32) goes round 
the earth in about 28 days. Newton tested his 
law of gravitation thus: If M is the mass of the moon, V its known 
velocity in its orbit, R the known radius of its orbit, G the constant of 
gravitation, and E the mass of the earth, then the mass-acceleration 
of the moon in its nearly circular orbit should equal the gravitational 
attraction, that is 



Fig. 32 


( 1 ) 


and M cancels out. Newton did not know the values of G or E , but 
unit mass at the earth’s surface tends to fall with acceleration g, 
while the earth’s attraction is G (E X l)/r 2 , where r is the known 
radius of the earth, so that 


By division 


Z! _ Li 

gR ~ R 2 


( 2 ) 

(3) 


Now R = 60 r = 240,000 miles, and V = 2 7rE/(period of revolution), 
hence it is merely an exercise in arithmetic to show that (3) is true. 

As regards the planets, Ptolemy (about a.d. 150) considered that 
the earth was the center of the solar system, and this made the cal¬ 
culations of the movements of planets very difficult. Copernicus 
(1473-1543) advocated the view, formerly held by the Greeks, that 
the Sun was the center of the solar system. Galileo saw the moons 
of Jupiter going round Jupiter. Tycho Brahe (1546-1601) took 
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careful measurements of the motions of the planets, from which 
Kepler (1571-1630) deduced three famous laws: 

*50. Kepler’s Laws. 

I. The planets go round the sun in ellipses, with the sun in one focus of 
them all. 

II. Equal areas are swept out, by lines drawn from sun to a planet, in 
any equal intervals of time, or the areal velocity is constant. 

III. The squares of the periods of revolution (planetary years ) are pro¬ 
portional to the cubes of the greatest diameters of their ellipses. 

Newton in his “Principia” or Principles of Natural Philosophy 
proved that these laws were satisfied by supposing that the law of 
gravitation between every small mass m and every other small mass 

m 1 , distant r, was equal to 
GmjfeJftf. Newton in this 
book laid the foundations of 
dynamics and of astronomy 
and of all exact sciences. 

451. Earth’s Density and 
Gravitational Constant. Cav¬ 
endish (1731-1810) was the 
first to “weigh the earth,” 
by determining the value of 
the gravitational constant G 
(6.66 X 10 -8 C.G.S.) in the 
following way. With a light 
strong fiber (Fig. 33) he sus¬ 
pended a light horizontal bar 
with small lead spheres at 
each end of the bar. With 
this “torsion balance ” he was 
able to measure the force F 
between a small lead ball, mass m, and a large lead ball, mass M, 
having a small distance d between their centers. The large balls 
were at the same level as the small balls, and the forces between them 
were at right angles to the bar, thus producing a measurable torque 
on the suspending fiber. It is clear that if F, m, M, and d are all 
measured, the value of G is derived from 
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To find the mass E of the earth, think of a mass m on its surface whose 
weight is mg. The earth’s attraction on this mass is GEm/R 2 , 
where R is the known radius of the earth (about 6.37 X 10 8 cm.). 
Hence 

n mE 

mg = G , so that 



The mass of the earth is thus found to be 5.98 X 10 27 gm., and since 
its volume f ttR z is 1.08 X 10 27 cm. 3 , it follows that the mean den¬ 
sity is 5.53 gm. cm." 3 • Newton surmised that the earth was about 
5 times as heavy as water. As the mean density of the surface of 
the earth is 2.65 gm. cm." 3 , it follows that there must be much 
denser material (iron?) in the interior. It is interesting to note that 
the meteors which come to the earth from without consist sometimes 
of stone, often of iron and nickel. 

*52. The Gyroscope. A free spinning wheel, in gimbals, tends to 
remain in rotation without change in the direction of the axle. This 
is the first law of gyrodynamics; it is the law of the fixity of the 
plane of the gyro, and it can be used to stabilize ships. 

If, however, the whole gyroscope is rotated on an axis about 
which the turning of the gyro-axle is prevented, then the axle will 
endeavor to set itself parallel to the axis, until both rotations are in 
the same “sense.” Hence in the laboratory the axle of such a gyro¬ 
stat will turn until it is parallel to the earth’s axis of rotation, and 
the axle will remain in the earth’s meridian; thus it will point true 
north, while a compass indicates magnetic north. 

At sea, a gyrocompass is thus successfully used, but there are 
numerous difficulties due to the ship’s velocity and acceleration, and 
to rolling and pitching.* 

*53. Earth Rotation. A proof of the rotation of the earth can 
be given either by the gyrocompass, or by a well-suspended, heavy, 
symmetrical weight at the end of a long fine wire. The earth turns 
round, but the pendulum tends to swing in the same plane. Hence 
the pendulum seems to turn round with reference to the table be¬ 
neath it. This proof is due to Foucault (1819-1868). 

* Those who wish to pursue this interesting subject further can consult such 
books as Applied Gyrodynamics by Ferry (Wiley, 1933), Spinning Tops by 
J. Perry (Sheldon Press, 1929), and Spinning Tops and Gyroscopic Motion by 
H. Crabtree (Longmans, Green, 1914). 
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The earth rotating on its axis is not a sphere but a spheroid, so 
that the polar axis (3950 miles) is shorter than the equatorial axis 
(3963 miles). The actual acceleration at any place is denoted as 
heretofore by g. If g f is the acceleration due to gravitational at¬ 
traction alone, and if the acceleration due to rotation is <u 2 r cos X, 
then g is the resultant of these two, and is normal to still water. 
Here r is the radius of the earth, and X is the latitude of the place 
under consideration. It is interesting to note that the shape of the 
earth accords with its period of rotation, so that it is free from 
stress, which indeed it could not support. 

+54. The Nature of Force. Some students will have noted that 
no answer has yet been given to the question “What is force?” 
Certainly we do not know what force is, but we do know how to 
measure its effects. That the question is not an easy one may be 
realized from the fact that for forty years in the eighteenth century 
a controversy raged throughout Europe between the adherents of 
Newton, who held that force X time should be measured by change 
of momentum, and the followers of Leibnitz (1646-1716), who held 
that force X space was properly measured by change of ms viva , 
which is just double our modern kinetic energy. These two state¬ 
ments are 

Ft — mv — mu, and 
Fs = % mv 2 — I mu 2 

The controversy was settled by d’Alembert (1717-1783) who showed 
that the dispute was one of words. He claimed that the “force” 
of a moving body indicates only the property that certain resistances 
can be overcome, and stated: “The greater the resistance overcome 
the greater we say is the force; provided we do not understand by 
this word a 'pretended existence inherent in the body , but simply use 
it as an abridged mode of expressing a fact.” 

If, then, a mass m moving with velocity v is brought to rest by 
a"uniform force or resistance F in a space s and in time t, it is equally 
correct to state that 

impulse = Ft = mv, so that F = m~ = ma, and 

0 

work = Fs = | mv 2 , so that F = m?r = 

2 s 

for it is a fact about motion that v 2 = 2 as. Note then that the 
statements Ft = mv and Fs = § mv 2 both lead to the same re- 
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jation F = ma , if the acceleration is uniform and the body starts 
from rest. 

It is safe to state that force is that which tends to change the 
state of rest or uniform motion of a body, and that every action has 
its equal and opposite reaction; that force-time measures change of 
momentum; while force-space, or work, measures change of kinetic 
energy. The question “What is the nature of force?” remains un¬ 
answered, but its magnitude can be definitely determined since m, 
U) v, t, and s are all measurable quantities. Many people can meas¬ 
ure a time or a length, who would be baffled by the inquiry, “What 
is time?” or “What is space?” 

55. Force and Mass. Pascal (1623-1662) wrote “Definitions are 
made only to indicate the things that we name and not to show their 
character.” In physics, however, it is desirable to give a definition 
thus: 

(a) what the thing is; (6) how it is measured 

For example, force is (a) that which changes the state of rest of a 
body or of its uniform motion in a straight line; (b) it is measured 
by the mass X acceleration it produces. 

Kinetic energy is (a) the energy due to motion; (6) a mass m, 
having velocity v, has a translational energy \ mv 2 . 

To quote again, “I often say that when you can measure what you 
are speaking about, and express it in numbers, you know something 
about it; but when you cannot measure it, when you cannot express 
it in numbers, your knowledge is of a meagre and unsatisfactory 
kind.” (Lord Kelvin.) 

Students will find some writers who hold that mass and accelera¬ 
tion are first defined and then force is given as mass times acceleration. 
These writers run into heavy weather because they cannot define mass . 

Others declare that mass is force/acceleration, but these men fare 
no better because they cannot define force. 

It is a connected body of experience that gives the relation F — ma. 

It must be remembered, however, that the idea of force existed 
long before Galileo, and was employed by engineers and architects 
from, the early history of mankind, and before that. Statics as a 
science is more ancient than Dynamics; but it cannot be added that 
force is more ancient than matter! 

If the statical idea of force, as that of a spring balance, be first 
adopted, then experiment is necessary to show that such a force equals 
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mass moved times acceleration given. In dynamics the relation of 
force and mass are inextricably correlated in the statement 
force = mass times acceleration. 

PROBLEMS 

I. A ball is rolled N at 12 ft. sec.” 1 on a board moving E over a table at 
5 ft, sec." 1 What is the velocity of the ball relative to the table? 

(13 ft. sec. -1 , angle tan -1 E of N) 

£ A monkey goes up a mast at 12 ft. sec." 1 , the ship goes N at 4 ft. sec.- 1 , 
the tide goes E at 3 ft. sec." 1 What is the velocity of the monkey relative 
to the earth? (13 ft. sec.- 1 ) 

3. A small body has five velocities each 10 cm. sec. -1 parallel to five suc¬ 
cessive sides of a regular hexagon. "What is the resultant velocity? 

(10 cm. sec." 1 parallel to the sixth side) 

4. A particle changes its velocity, v , due north, to v 60° E of N. What is 

the change of velocity? ( v , 60° E of S) 

5. A man runs round a circular track in 10 seconds. What is the angular 
velocity of the line from the man to the center of the track? 

(tt/ 5 or .628 radians per second) 

6. A train moves with velocity v, and the rain falls vertically with velocity 
u, what is the slope of the rain tracks on the window pane? 

(At an angle 6 backwards, tan d ~ v/u) 

7. A ship goes N at 8 knots; the wind is E and blows at 6 knots. What is 
the direction of the smoke track? (At an angle 6 W of S, tan 6 = §) 

8. Express 120 R.P.M. in radians per second. (4 ir or 12.56) 

9. A carriage is moving along a road with velocity v. Prove that the 
bottom point of a wheel is at any instant at rest, that the top moves with 
velocity 2 v, and that the leading point has a velocity v V2; all with reference 
to the road. 

10. A man sees a ball 6 ft. S of him going E at 8 ft. sec. -1 How fast must 

he run to catch it in one second? (10 ft. sec." 1 ) 

II. A train gets up a speed uniformly, in 4 minutes from rest, of 60 miles 
an hour (88 ft. sec." 1 ). What is the acceleration? 

(Acc. = = .367'ft. sec." 2 ), 

12. A body moving at 20 cm. sec." 1 is uniformly accelerated at 10 cm. 
sec." 2 for 30 sec. What is the final velocity? How far did it go? 

(320 cm. sec." 1 ; 5100 cm.) 

In this and subsequent examples neglect air resistance. 

13. How many feet will a stone drop in 5 sec., and what is then its velocity? 

(400 ft.; 160 ft. sec." 1 ) 

14. A stone is thrown up with a velocity of 64 ft./sec. How soon' does it 
stop; how high does it go; what is the whole time of flight? 

(2 sec.; 64 ft.; 4 sec.) 
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15. How far does a stone drop in its sixth second from rest? (176 ft.) 

16. A body is projected at 100 cm. sec.- 1 straight up a smooth plane 
inclined at 30° to the horizon. Find the time and distance to the point 
where it stops and begins to return. (Time if sec.; distance ^ cm.) 

17. Find the acceleration of a small body going with a speed of 120 cm. 

sec. -1 round a circular path of radius 50 cm. (288 cm. sec. -2 ) 

18. Find the acceleration of a train going 30 miles an hour round a curve 

of 200 ft. radius. (9.68 ft. sec.- 2 ) 

19. Find the acceleration of a point on the rim of a flywheel, 10 ft. in 

diameter, making 120 R.P.M. (80 x 2 or 789.6 ft. sec.' 2 ) 

20. A mass of 250 gm. is at one end of a cord, 150 gm. at the other, and the 

cord passes over a smooth light pulley. Find the acceleration, and tension 
on the cord. (a = 245 cm. sec. -2 ; T = 187.5 gm. wt.) 

21. A mass of 10 lb. on a smooth table is tied to a cord running over a light 
pulley at the edge with 6 lb. at the lower end of the cord. Find the accelera¬ 
tion and tension, (a = 12 ft. sec.- 2 ; T = 120 poundals = 3.75 lb. wt.) 

22. A mass of 12 lb. on a smooth plane, inclined at 30°, is fastened to a 

cord which passes over a light pulley at the top of the plane. At the other 
end of the cord a mass of 6 lb. hangs freely. Find the acceleration, and cord 
tension. (a = 0; T = 6 lb. wt.) 

23. A man weighing 160 lb. goes up in an elevator with an acceleration of 

2 ft. sec. -2 Find his pressure on the floor. What is his pressure on the 

floor if the elevator cable breaks? (170 lb. wt.; 0) 

24. What is the recoil velocity of a 1500-lb. gun firing horizontally a 6-lb. 

shell with a muzzle velocity of 1800 ft. sec.? (7.2 ft. sec.- 1 ) 

25. A 200-lb. man going 12 miles an hour has a head-on collision with a 

150-lb. man meeting him at 8 miles an hour. They hold together; how 
fast do they go to their fall? (3f miles an hour) 

f§lh What impulse is required to change the velocity of a 50-gram mass from 

3 rraters a second to the east, to 4 meters a second to the north? 

(25,000 gm. cm. sec.” 1 ) 

27. A pile driver, mass 500 lb., falls freely 16 ft. onto a pile and is stopped 
without rebound in 2 inches. "What is the impulse? What is the force, 
assumed uniform, on the pile? 

(16,000 lb. ft. sec.” 1 ; 24 tons wt., if 1 ton = 2000 lb.) 

28. A monkey and a sack of equal mass are face to face on opposite ends 
of a light rope passing over a smooth light pulley. The monkey runs up, 
stops, slides down the rope and so forth. Whatever he does, prove that the 
sack keeps exactly level with him. 

29. What kinetic energy does 50 lb. acquire in falling from rest through 

4 ft.? (200 ft.-lb.) 

30. What is the kinetic energy of an 8-lb. brick flung at 10 ft. sec.” 1 ? 

(400 ft.-poundals = 12} ft.-lb.) 
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31. A 2-kilogram weight changes its velocity from 40 to 20 cm. sec.-i 

What is the loss of kinetic energy? (12 X 10 5 erg.) 

32 . A 1000-kg. boat has 2000 joules of kinetic energy. What is its ve¬ 
locity? (1 joule = 10 7 ergs; v = 2 meters per sec.) 

33. A mass 50 lb. slides 16 ft. down a smooth slope inclined at 30° to the 

horizon; what is its kinetic energy? (400 ft.-lb.) 

34. A 2-oz. bullet is fired through a plank, and loses velocity from 1200 to 
800 ft. sec." 1 YTiat is the loss of kinetic energy ? 

(1560 ft.-lb. Jt is unnecessary to be as accurate as 1562.5 ft.-lb.) 

35. Show that a 1000-ton ship with velocity 10 ft./sec. has more momen¬ 
tum but less kinetic energy than a 1000-lb. shell traveling at 1000 ft./sec. 

(Momenta, 2 X 10 7 ; 10 6 ; kinetic energies, 10 8 ; 

5 X 10 8 , all in lb.-ft.-sec. units) 

Projectiles 

36 . Two stones are thrown at the same time horizontally from the edge 
of a cliff 128 ft. high, with velocities 16 and 64 ft. sec. -1 When and where 
will they strike the water? (Both 2.83 sec. later; 45.25 and 181 ft. out) 

37. A ball is thrown with a horizontal component of velocity 16 ft. s&c.^ 

and a vertical component of 64 ft. sec. -1 Find the time of flight and range 
on level ground. (4 sec.; 64 ft.) 

38. A ball is thrown up with a horizontal component of velocity 12 m. 

sec.- 1 , and a vertical component of 9.8 m. sec.- 1 Find the time of flight and 
range on level ground. (2 sec.; 24 m.) 

39 . A man can just throw a ball 100 yards. Neglecting air resistance, 

what is the velocity of projection? (98 ft. sec.- 1 at 45°) 

Circular Motion 

40. A mass of 5 lb. is whirled around in a circle in a horizontal plane 

30 times a minute at the end of a light rod 3 ft. long, one end of which is 
fixed. Find the tension on the rod. (15 tt 2 poundals, 4.63 lb. wt.) 

41. A pilot, looping the loop, nearly falls from his seat at the top of the 
loop going 80 miles an hour. What is the radius of the loop? (430 ft.) 

42. A cyclist goes round a circle of 12 meters radius at a speed 9 meters a 
second. Find how much he leans over from the vertical. 

(tan e = .69 nearly; 6 = 34° 36') 

43. At a point on a switchback railway the speed of a car moving with¬ 

out friction is 20 miles an hour. What is the speed 30 ft. lower measured 
vertically? (52.7 ft. sec." 1 ) 

44. Find the power transmitted by a belt passing over a wheel and travel¬ 

ing 20 ft. sec." 1 , if the tensions on the belt are 450 and 50 lb. wt. on either 
side of the wheel. (14,5 
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Conical Pendulum 

45. Prove that the inclination 0 of the cord of a conical pendulum is given 
b v tan 0 = uPrjg , where is the angular velocity of the small bob moving in 
a circle of radius r. 

46. Prove that the vertical distance of the bob of a conical pendulum below 
the upper end of the cord is g/u > 2 , where cu is the angular velocity of the bob. 
Xote that this is independent of the length of the cord. 

47. A governor makes 120 R.P.M.; how far are the centers of the two 
spheres vertically below the point of support? 

(Distance = g/w 2 = 980/16 tt 2 = 6.2 cm.) 

48. The cord of a conical pendulum makes an angle of 60° with the ver¬ 
tical, and the bob makes 30 R.P.M. Find the length of the cord. 

(Length = 64 /t 2 — 6.48 ft.) 

Simple Harmonic Motion 

49. A particle makes 240 R.P.M. on a circle of 2 ft. radius. What is its 
period, velocity, and acceleration? 

(isec.; 16 v ft. sec.”" 1 ; 128 tt 2 ft. sec.~ 2 ) 

50. A particle has S.H.M. and the acceleration in ft. see.' 2 is 16 times the 

displacement in feet; find the period. (tt/ 2, or 1.57 sec.) 

51. A point at the end of a tuning fork makes 256 vibrations a second, and 

the amplitude is 1 mm. Find the maximum velocity and the maximum 
acceleration. (51.2 », or 161 cm. sec?*; 259,000 cm. see. -2 ) 

Pendulum 

52. Find the period of a complete small oscillation of a simple pendulum 

8 ft. long. (3.14 sec.) 

53. Find the length of a simple pendulum, which makes a complete small 
oscillation in 2 sec. (This is sometimes called a seconds pendulum.) 

(3.24 ft.) 

54. Find the period of a simple pendulum 1 meter long. (2.01 sec.) 

Moment of Inertia 

55. What is the moment of inertia about the axis of a cylinder, mass 2 kg., 

radius 10 cm.? (10 5 gm. cm. 2 ) 

56. Find the moment of inertia of a solid disk, radius 2 ft., mass 100 lb., 

about its central axis. (200 lb. ft. 2 ) 

57. A rectangular bar is 8 cm. X 2 cm. X i cm. Its specific gravity is 7. 

Find the moment of inertia about a line through the center of, and perpen¬ 
dicular to, the 8 cm. X 2 cm. face. (317.3 gm. cm. 2 ) 

58. Find the moment of inertia of a thin rod, 4 ft. long, 4 oz. mass. 
(ml 2 /3 = | lb. ft. 2 ). What is the moment of inertia about one end? 

(4 ml 2 /3 = t lb. ft. 2 ) 
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Angular Motion 

59. A wheel has an initial angular velocity of 3 radians sec." 1 and an angu¬ 
lar acceleration of 10 radians sec." 2 Find the angular velocity and the total 
angle turned through at 8 seconds from the beginning. 

(83 radians sec." 1 ; 344 radians) 

60. A flywheel with its mass mainly in the rim makes 120 R.P.M. If the 
mass is 200 lb., and the radius is 2 ft., state the moment of inertia, angular 
momentum, and kinetic energy. 

(800 lb. ft. 2 ; 3200 tt ib. ft. 2 sec." 1 ; 6400 tt- 2 ft. poundals) 

61. Verify arithmetically the correctness of Newton's law of gravitation 

by the moon's motion. (See Sect. 49.) 
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STATICS 

56. Introduction. Statics, as its name implies, deals with bodies 
at rest, or in equilibrium, or moving with constant velocity, and with 
forces acting on these bodies as a whole, or on parts of their frame¬ 
work. Thus the weight of a bridge together with the loads upon it 
produce forces (tension or compression) upon every member, or 
girder, of the framework, as well as upon the supports, or piers. 
These forces can be calculated before the bridge is built, so that there 
need be no useless girder, and so that the size and material of every 
part may be adapted to the forces which it is designed to sustain, even 
with the added pressure of a gale of wind. 

Statics deals too with machines, such as the lever, balance, pulley, 
inclined plane, and screw, many of which enable a small force to 
overcome a great resistance, or on the other hand exchange a fast 
motion for a slow one, as when a swift motion of a limb is produced 
by a slight contraction of a muscle. Such levers are found in ani¬ 
mals and therefore have a long past, far outstripping human history. 
In the matter of understanding such devices Archimedes (287- 
212 b.c.) may perhaps be named as the father of statics as well as 
of hydrostatics. In every machine there is “friction” between mov¬ 
ing surfaces, and it is necessary to consider the resulting forces of 
resistance. 

There are six main points to be considered: 

(1) The replacement of a number of forces by a single force called 
the resultant, employing the parallelogram of forces 

(2) The moments of forces 

The “turning effect” of a force depends upon the length of 
the arm, or crank, at the end of which the force is applied, 
as well as upon the magnitude of the force employed. 

(3) The principle of work (force X distance ) 

In a machine without frictional resistance the work of the 
applied force equals the work done in overcoming an op¬ 
posing resistance, as when a jack is used to raise a motor car. 

55 
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Forces in the same straight line acting on a body are additive, 
as in a tug of war, when the pulls of the individuals add up to the 
total pull of the team. Forces not in the same straight line are not 
additive, but follow a parallelogram, or vector, law. 

In describing forces by means of diagrams it is useful to represent 
them by straight lines drawn to any convenient scale, say 10 lb. wt. 
to the inch, or 1 kg. wt. to the cm. The direction and position of 
the line give the direction and position of the force. The length of 
the line represents to scale the magnitude of the force, and a small 
arrowhead indicates which way the force is acting. 

58. The Parallelogram of Forces. If two forces, which are not 
parallel, act on a body at the same point, it is not obvious what their 
resultant, or single replacing force must be, and the question can only 
be settled by experiment. 

Consider a horizontal board on which are three strings knotted 
together (Fig. 35) and the other ends tied each to one of three spring 
balances fastened to three nails 
driven into the board, so that 
all three strings have known 
tensions pulling away from the 
knot 0. A sheet of paper may 
be placed beneath the strings 
and lines drawn from the knot 
exactly under the strings, so 
that the three lines are propor¬ 
tional to the tensions. If the y ICJ . 35 

parallelogram is completed, 

having any two of the lines representing tensions as adjacent sides, 
then one diagonal of this parallelogram will be found to be exactly 
equal in magnitude and opposite in direction to the third force on the 
knot. In Fig. 35, P and Q are the lines representing two forces, and 
the diagonal R of the completed parallelogram is found to be equal 
and opposite to the third force, S, as also in Fig. 36. This experiment 
can be repeated for numberless cases, and we deduce: 

Any two forces meeting at a point can be replaced by a single, or resultant, 
■ force which is represented by one diagonal of the parallelogram which has 
two adjacent sides representing the two forces. 

The diagonal in question is the one passing through the point where 
the two forces meet. Conversely, it is possible to replace any force, 
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such as R, by two forces, such as P and Q , which have R as the 
diagonal of their completed parallelogram; and it is also possible to 

balance any force S by any two 
such forces as P and Q fulfilling the 
above condition. 

If any number of forces act at a 
given point, whether in the same 
plane or not, it is possible to take 
them two at a time, and replace 
them by a single force, and if this is 
done there will be finally one single 
or resultant force replacing all the 
forces, which will be zero, if there 
happens to be equilibrium. 

59. Triangle of Forces. It will 
be noted in Fig. 36 that each half 
of the parallelogram is a triangle whose sides are both parallel and 
proportional to the three forces in equilibrium. Hence without any 
further experiments the triangle of forces can be deduced from the 
parallelogram of forces: 



Fig. 36. — Apparatus to Prove Parallel¬ 
ogram of Forces 


The Triangle of Forces. If three forces acting at a point can be repre¬ 
sented in magnitude and direction by the sides of a triangle, taken in suc¬ 
cessive order, then the three forces are in equilibrium . , 

Conversely, if a triangle is drawn with its sides parallel to three forces in 
equilibrium, then the forces must be proportional to the sides of the triangle. 

These propositions follow from the properties of “similar” tri¬ 
angles,. namely those which have equal angles, for then whatever 
may be the size or scale of the triangles their sides are always in pro¬ 
portion. 


; 60 . The Polygon of Forces. If any number of forces acting at a point are 
I parallel and proportional to the sides of a closed polygon, taken in successive 
order, then those forces are necessarily in equilibrium. 

There is no converse to this proposition, because an immense 
number of polygons of all sorts of shapes can be drawn parallel to 
a given number of forces in equilibrium, and the sides of all these 
polygons cannot possibly be proportional to the forces. 

The polygon can readily be deduced from the triangle of forces. 
The five forces acting at 0, Fig. 37, have been drawn parallel and 1 
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proportional to the five sides of the polygon. Now I and II can be 
replaced by A, acting at 0; therefore I, II, III can be replaced by B, 
acting at 0. Hence I, II, III, IV can be replaced by V reversed 
acting at 0, and this balances out with V. 

61. Parallel Forces. The following demonstration shows the 
joint effect of two parallel forces. A light strong horizontal rod 
(Fig. 38) is suspended by cords with two spring balances. A mass 



v 



n i 


iW=P+Q 

Fig. 38. — Parallel Forces 


of 10 kg. can be placed anywhere on the rod. The joint readings 
of the balances always equal that of the weight of the central mass, 
and the distances are inversely proportional to the string tensions. 
Instead of numerical figures as given in the upper diagram, it is usual 
to generalize the results of an experiment, in a formula with algebraic 
symbols, which should, however, not so much be memorized as 
understood. In the present case on placing any mass in any position 
on the rod, we always find that, numerically, 

W = P + Q 

and that a X P = b X Q, which means that the length a multiplied 
by the tension P equals the length b multiplied by the tension Q. 

On drawing a line R equal and opposite to TP, it is clear that we, 
may regard P and Q as replaced by R; and this imagined force R 
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is said to be the resultant of P and Q. It is of course equal to the 
sura of P and Q and has the same direction. 

62. Unlike Parallel Forces. If one force P is parallel to the second 
force Q, but in the opposite direction, the forces are unlike or anti¬ 
parallel. In this case the balancing weight W is no longer between 
the forces, it is outside and nearer the stronger force, Fig. 39 ( a ). 

It is still true, numerically, that W = P - Q, and that for equilib¬ 
rium a X P = b X Q and the resultant R is equal and opposite to W. 
This result can again be established by direct experiments, or, by a 


R 


(a) Q (b) p 

Fig. 39. — (a) Parallel Unlike Forces. 

(b) A Couple 

little ingenuity, it can be deduced as a necessary consequence of the 
case of like parallel forces. 

The question arises as to the resultant of two parallel unlike forces 
Fig. 39 ( b ), which are equal. Apparently their resultant would be 
zero, and act at an infinite distance away! This may be true, but it 
is not helpful. It is readily found by experiment that no one single 
force can possibly balance two such equal antiparallel forces which 
are called a couple. Hence a body acted on by a couple wifi rotate 
unless it is checked by a suitable opposing couple. 

Finally, it must be verified that the above rules for finding the 
resultant of two parallel forces hold, whatever the direction of 
the forces may be. This can readily be done with a rod resting 

on the table with three spring balances attached to strings under 
tension (Fig. 40). 

It is still found that 

R — P + Q for like forces 
R — P — Q for unlike forces 
while a X P = b X Q, as before. 




^R^P+Q 

Fig. 40. — Parallel Forces 
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63. Moments. There is another method of approach to a study 
of statics, besides the parallelogram of forces. On turning a crank, 
as of a coffee grinder, there are two factors to be considered, the force 
on the handle and the length of the arm, and the effect depends upon 
these multiplied together, that is, on their product. 

: The moment of a force P about a point O is defined as the product of the 
;force and of the perpendicular distance from O to the line of action of the 
force . 

It is desirable to verify the following experimentally: 

(1) The algebraic sum of the moments of any two forces is equal 
to the moment of their resultant. 

(2) The algebraic sum of the moments, about any point, of any 
number of forces in equilibrium, and in the same plane, is zero. 

It is necessary to remember that a moment has a sign. It is 
convenient to regard those moments tending to turn the body 
counterclockwise round 0 as positive; and 
those tending to turn the body clockwise 
round 0 as negative. 

In Fig. 41 are three forces drawn to scale, 
so that they are in equilibrium. In fact S 
is equal and opposite to R which is the re¬ 
sultant of P and Q . Any point 0 is then 
taken and the perpendiculars from 0 on the 
three forces have lengths p, q, s. Accord¬ 
ing to the above convention the moments 
of Q and S are positive, and of P negative, 
about 0, and actual measurement shows 
that pXP = qXQ-\~sXS numerically, so that the algebraic 
sum of the three moments is zero. It necessarily follows that the 
moment of R about 0, R X s } is equal to the algebraic sum of the 
moments of P and Q about 0, namely, p X P - q X Q. 

This theorem can be extended, step by step, to any number of 
forces in the same plane, not necessarily meeting at a point. 

if The algebraic sum of the moments, about any point, of any number of 
Jcoplanar forces, parallel or otherwise, acting on a body, and in equilibrium, 

■ is equal to zero. 

This general theorem is useful for finding the resultant of any 
number of parallel forces as in Fig. 42. The resultant R must equal 
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the sum of the weights, namely 38 lb. wt. The distance of the re¬ 
sultant from the left end is found by taking moments 

z X 3S = 8 X 20 + 16 X 10 + 28 X 8 = 544, so that 
x = 14.3 in. 


So too by taking moments about the left end it is possible to find 
X the upward force on the right; for 32 X X = 544, and hence 

X = 17 lb. wt., while Y = 38 - 


zi id . wt. 


12 " 


10 lb. 


81b. 


It is often useful to employ the 
method of moments to cheek re¬ 
sults obtained by different means. 
Figure 43 represents a derrick 
upholding 10 tons. On the right 
26 ib. is a force diagram, made by draw¬ 

ing parallels to the three forces at 
B, and having thus determined 
T, the upper triangle gives the 
Fio. 42 forces acting on C. By measure¬ 

ment the tension R = 15.5 tons. 
The perpendicular from A on R measures 4 § feet, and the perpen¬ 
dicular from A on the line of action of the 10 tons is 7 feet long 



e +if e ^ j'.** ^ ^ ’ anc ^ ^ ~ 15-5 ions wt. while measurement 

ot the force diagram also gives 15.5 tons wt. 

The above are examples of the methods employed in determining 
tiie forces on members of a structure. 
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64. The Moment of a Couple. As already stated two parallel forces 
equal in magnitude but opposite in direction constitute a couple. From 
any point 0 draw OAB at right angles to the forces meeting one force 
at A and the other at B (Fig. 44). Then the algebraic sum of the mo¬ 
ments of the two forces equals OB X P - OA X P = (OB — OA)P 
= AB X P. This result is independent of the 

position of 0, and is called the moment or torque I * 

of the couple 

The torque of a couple is the product of either force o_ 
and the perpendicular distance between the forces . 

65. Force Diagram. In order that the student Fig ^ 

may realize the practical aspect of the above 

propositions, he may consider a lath about a yard long, with the 
ends resting on two bricks, and with a 10-pound mass on the middle 
of the lath; it will give way by breaking or bending. If, however, an 
upright rod be placed under the middle and supported by a cord as 
in Fig. 45, then there is the model of an efficient bridge. The weight 



Fig. 45. — A Simple Type of Bridgi 


supported by each brick or pier will be 5 pounds, the compression on 
the upright center rod will be 10 lb. wt. since the lath is assumed 
to be straight, and the forces on the rod and lath can be found by 
a force diagram drawn parallel to the three forces at either end. 

In Fig. 45 the angles are 30°, 60°, and 90°, and it follows that the 
tension on the cord is 10 lb. wt. and the compression on the lath is 
5 A or about 8.66 lb. wt. This method can be extended to com¬ 
plicated bridges, derricks (Fig. 43), etc., and results obtained by 
geometrical drawing alone. This subject is known as graphic statics 
and is commonly used by architects and engineers. Another method 
is to employ all the resources of plane trigonometry in the solution 
of triangles. 

Experiment shows that, when two couples are balanced one against 
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another, iheir torques or moments are equal in magnitude and op¬ 
posite in sign. Thus a man with a screw driver exerts a torque on 
the handle, and the end of the screw driver exerts a torque at the 
head of the screw, while the base of the screw receives an opposing 
torque from the wood. All these act round the axis of the screw 
driver and the axis of the screw. 

66. On Equilibrium in General. Some reference has already been 
made to a rigid body, which indicates one firmly made of solid 
materials, such as wood or iron, whose change of shape may be 
neglected. 

The transmissibility of forces is a principle, founded on experience 
which states that whenever a force acts upon a rigid body any point 
in the line of action of that force may be regarded as its point of 
application. On the other hand it is not possible to replace a force 
by an equal and parallel force. A single force and a couple cannot 
be in equilibrium; it is readily shown, using the parallelogram of 
forces, that they are equivalent to a single resultant force parallel and 
equal to the original force. 

Three forces acting at a point represented in magnitude and direc¬ 
tion by the sides of a triangle taken in order have already been shown 
to be in equilibrium. Three forces, however, not acting at a point 
and fully represented by the sides of a triangle (in magnitude, direc¬ 
tion, and position), are not in equilibrium, but tend to make the 
body, on which the forces act, rotate. The resultant of any two of 
the forces is equal, parallel, and opposite in direction to the third 
force, so that all three forces are equivalent to a couple. 

67. Conditions for Equilibrium. By repeated application of the 
parallelogram of forces it follows that any number of forces in the 
same plane, acting on a rigid body, can be reduced either to a single 
resultant force R, or to a single resultant couple G. 6 

If, however, the rigid body is in equilibrium, then both resultant 
force and couple must be zero. Hence it is possible to state the 
conditions for the equilibrium of a body under coplanar forces. 

The algebraic sum of the moments, about any point, of all the forces 
must be zero. This guarantees that G = 0. 

The algebraic sum of the resolved parts of all the forces in any 
direction must be zero. This ensures that R = 0. 

In practical problems it is necessary and sufficient (1) to take 
moments about any one point and to equate their algebraic sum to 
zero; (2) to equate to zero the algebraic sum of the resolved parts 
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of all the forces in any one chosen direction; (3) to equate to zero the 
algebraic sum of the resolved parts of all the forces in any other one 
chosen direction. The three equations, when solved, will give a 
solution, and in general determine the position of equilibrium, and 
the forces acting on the body. 

If a door (Fig. 46) of weight W and breadth 2 b is supported on. two 
hinges, at a distance d apart, then the lower hinge will push the door 
to the right with a force X 2 and lift it upwards with a force F 2 . 
The upper hinge will pull the door to the left and exert an upward 
force Fi. The three conditions for equi¬ 
librium may be found by resolving hori¬ 
zontally, and vertically, and by taking 
moments about the lower hinge. Hence 

Xi = X 2 
Yi + Y 2 - W 
Xid = Wb 

Hence the horizontal forces of the hinges 
on the door are numerically Wb/d, and 
they constitute a couple. Curiously 
enough, Yi and F 2 cannot be found in¬ 
dividually, but their sum must equal W. Fig. 46.—A Door on Its Hinges 
Such indeterminate forces are not uncom¬ 
mon. On reflection it is clear that either hinge can uphold the 
whole weight, or any fraction of that weight. 

68. Center of Gravity. Newton’s law of gravitation supposes that 
every small element of matter, such as m, attracts every other small 
element, such as m r , with a force F depending on these masses and 
decreasing as the square of the distance, r, between them, so that 
F where G is a number called the constant of gravita¬ 

tion. (See Sect. 51.) 

Thus a chair or a table tends to fall towards the earth, unless it is 
supported by upward forces from the floor. 

While you can suppose that every small element of the chair is 
attracted by every small element of the earth, Newton made a great 
simplification by proving mathematically that, with the law above 
stated, the earth regarded as a sphere attracts a body as if the whole 
mass of the earth were concentrated at its center. The attraction 
of the earth on the elements of the chair produces forces on each 
element, which are almost parallel, meeting as they do about 4000 
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miles beneath our feet. Hence, in statics, the question of forces on a 
body due to gravitation, reduce themselves to questions of parallel 
forces, as already discussed. 

It can be proved that the resultant of the weights of all the elements of a 
rigid body passes through a certain fixed point, however that body be turned 
about This point is called the center of gravity of the body. 

69. Experimental Verification. If a small bob or plummet of lead 
is suspended by a fine cord from a fixed point the cord is said to be 

vertical, and it is found to be at right angles to 
the surface of still water or mercury, which is 
horizontal. Take a plane sheet, having any 
shape, of board or cardboard (Fig. 47) and sup¬ 
port it by a knitting needle, passed through a 
small hole in the board. Hang a plumb line 
from the knitting needle, and, when all is steady, 
mark the vertical line on the board. Repeat the 
experiment for different holes through the board. 
Then all the ruled lines pass through one and 
the same point, so that the proposition is veri¬ 
fied, and the center of gravity found. With a 
Fig. 4/. —Center of i^i e ingenuity and several pieces of cord it is 

Gravity of a Flat Board ° / -f 

not difficult to find the center of gravity of an 
irregular body such as a chair. 

70. Center of Gravity of the Rod and the Rectangle. When bodies 
are of a simple or symmetrical shape, it is possible to calculate the 
position of the center of gravity without recourse to further experi¬ 
ments. Thus, in the case of a straight uniform rod AB (Fig. 48), 

K K 

M— -N 

L L 

Fig. 48 

the weights of equal elements PQ and pq, at equal distances from the 
middle of the rod, will have their resultant acting at M. This is 
true of all such equal, equidistant elements and therefore the resultant 
of all the elementary weights acts through M, which is the center of 
gravity of the rod, or the point at which the resultant of the weights 
acts, no matter what the position of the body. 






CENTER OF GRAVITY OF A REMAINDER 


67 


A uniform rectangle or parallelogram (Fig. 48) can be divided into 
thin strips each with its C.G. at the middle of the strip. Therefore 
the C.G. of the whole must be in the line KL , and no less in the line 
MN: hence it is at G, where these lines meet. This point is also 
at the intersection of the diagonals. 

71. Center of Gravity of the Triangle. The center of gravity of a 
uniform thin body in the shape of a triangle may be deduced as 
follows. Let ABC (Fig. 49) be a triangle. Bi¬ 
sect the sides at K, L, and M. Then AK is a 
“median,” and will bisect all such strips as PQ , 
which are parallel to BC. Hence the C.G. of 
every such strip will lie in AK, so the C.G. of 
the whole triangle will be in AK. In fact it is 
clear that if the triangle be suspended from A, 
then AK will be vertical as all the strips tend to 
get their C.G. under A . The C.G. of the tri¬ 
angle must also be in BL, and in CM, so that 
the three medians must pass through the same point G, which is 
the center of gravity of the triangle. Since AB is twice KL it is 
easy to see that AG is twice GK, from similar triangles; so the C.G. 
is one-third of the way along any median from the corresponding side. 
It must be noted that the C.G. of the three sides regarded as rods, 
does not, as a rule, coincide with the C.G. of the area of a triangle. 

72. Center of Gravity of the Circle, Ellipse, Sphere, and Cylinder. 
In the cases of all bodies which are symmetrical and homogeneous the 
position of the center of gravity coincides with the center of figure, 
so that the C.G. of a circle or uniform sphere is at the center of those 

figures. So with a right circular 
cylinder with parallel ends the C.G. 
is at the middle of the axis. It can 
be proved that with tetrahedra, 
pyramids, and cones the C.G. is 
one-fourth of the way up the line 
from the C.G. of the base to the 
vertex of the figure. 

73. Center of Gravity of a Re¬ 
mainder. If the weight and center 
of gravity of a body are known, and if a part of the body is removed 
(Fig. 50), whose weight and C.G. are also known, then it is a simple 
problem of parallel forces to find the weight and C.G. of the remainder. 



Fig. 50 


A 
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Thus if the whole body has a weight W at G, and the part removed 
has weight w at g, then the remaining weight W - w must act at x, 
when xG = Gg ■ w/(W — w), from previous consideration of parallel 
forces. 

74. Equilibrium: Stable, Unstable, Neutral. When a vertical line 
through the center of gravity of a body falls within the supporting 
base then the body can rest in equilibrium. If a body at rest under 
any set of forces receives a small displacement and tends to return 
towards its former position, then the body is said to be in stable 
equilibrium; but if the body tends to move farther away, then it is 
said to be in unstable equilibrium; and if neither one nor the other, 
neutral equilibrium. 

All of which can be illustrated with a round sharpened pencil, in 
neutral equilibrium when lying on a smooth flat horizontal table, in 
stable equilibrium on its flat end, and in unstable on its point. An egg 
or oval football will equally exhibit all three types, for it is unstable 
on its end, neutral on its side for a small roll, stable for a slight rock. 
In order to keep the righting torque large and the center of gravity 
low it is well to place the cargo deep down in a ship and to make it 
fast. Lead ballast is placed at the bottom of tall vases to lessen the 
chance of their upsetting, and there are some toys with rounded 
bases which are loaded so that the toy will spring erect when pushed 
sideways. 

75. Friction. If a body such as a book, or a brick, is placed on a 
table and pushed gently sideways the body does not move, because 
the roughness of the two surfaces causes an interlocking between 
them, and a force opposing the push is called into play which pre¬ 
vents motion. This opposing force is called friction. Its magnitude 
is just sufficient to prevent motion, but it cannot exceed a definite 
quantity, and motion begins to take place if the applied force exceeds 
this value. The friction is then said to be limiting. 

, 76. The Laws of Limiting Friction . 

1. Friction is at right angles, and proportional, to the normal pressure. 

2. It is independent of the area of the surface of contact 

3. It depends on the nature of the surfaces, and on their state (of polish, 

paint, roughness, grain, wetness, and oiliness). 

These rules can readily be established by experiment. Attach to a 
light board a cord and spring balance, so that it can be drawn hori¬ 
zontally over a table. Add in succession a number of equal weights 
such as bricks. Pull them along and measure the corresponding 
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tension with the spring balance. Figure 51 shows a case where the 
addition of every 6 pounds on the board, demands an increase of 2 
lb. wt. in the tension. The force of limiting friction is denoted by 
p and the normal reaction by R . The word “normal” here in¬ 
dicates a direction at right angles to the tangential surface, or surface 
of contact. Then law (1) states that the ratio F/R is constant, and 
this ratio is denoted by the Greek letter y, (mu), so that F = jxR. 
This^ratio is called the coefficient of friction. It varies so much with 
the state of the surface that it is almost useless to give a table or 
quote figures, but for ordinary dry surfaces, not highly polished, it 


TorF 
lb. wt. 
1° I 


bricks 


W 


12 18 24 

W or R 

Fig. 51. — Limiting Friction 


30 lb. wt. 



of Friction 


ranges from 0.2 to 0.6, and it is best found experimentally with the 
actual types of surfaces under consideration. 

77. Coefficient and Angle of Friction. For example if the coeffi¬ 
cient of friction between a metal surface and dry wood is required, 
a specimen of the metal, in the form of a slab, is placed on a flat 
board of the wood in question, and the board is tilted (Fig. 52) until 
motion just begins to take place. There are three forces acting on 
the metal slab — its weight W, the normal force R } and friction F . 
Complete the rectangle having F and R as adjacent sides and the 
resultant S must be equal and opposite to W. If a (alpha) is the 
angle of tilt of the board it must equal X (lambda), the angle between 
R and S . This angle is called the angle of friction (X), and the slope 
of the board tan a, or tan X, is the ratio of F to R and is therefore the 
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coefficient of friction. In practice it is only necessary to measure 
the height h and the base b, and to determine the numerical value of 
A, b, which is the value of the coefficient of friction. 

The fact that the friction, when there is no crushing, is inde¬ 
pendent of the area of contact is easily tested with a spring balance 
and a brick. Place the brick in succession on its three faces which 
have different areas, and it will be found that the same pull 
measured by the spring balance, in each case is required in order to 
move the brick. This result is at first surprising, until it is realized 
that the pressure, or force per unit area of surface is larger in the case 
of the smaller surface. 

If sand or wheat is piled up in a high heap slipping occurs, and 
the sides cannot be steeper than the “ angle of repose ” which is 
closely related to the “angle of friction.” Thus if the coefficient of 
friction between the grains be unity the angle of repose and of frie- 
tion will be 45°. 

There is another type of friction, called rolling friction, between 
a wheel and the ground. When the brakes are not in use on a car or 



train there is no slipping between the wheel and ground or track 
Rolling friction is partly due to stickiness or adhesion and par% to 
surmounting roughness nr inequalities. Under favorable circum- 

Although friction often appears to oppose the efforts of man it 

r or 1“ r With0Ut fricti011 * be impossible to 
walk, or to use horse, steam, or motor traction, all of which employ 

friction in order to move bodies over the surface of the e«L 11 
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the friction between a horse’s shoes and the ground, which enables 
him to pull a cart. 

In the case of a wheel and axle the friction can be greatly dimin¬ 
ished by suitable lubricants, such as oil, or by ball bearings (Fig. 
53); if friction is not prevented the surfaces are worn away and heat 
is generated. 

An interesting case of equilibrium, in which friction takes a part, 
is that of a uniform ladder, which rests against a smooth wall but has 
its base on a rough floor, so that the ladder is 
about to slip down, as in Fig. 54. The weight 
is W, the forces at the base R upwards, and iiR 
towards the wall; and at the top of the ladder 
there is S perpendicular to the wall, outwards. 

Resolve horizontally, and vertically, and take 
moments about the bottom point of the ladder, 
and 

S~ixR 

W= R> 

Wl cos 0 = S * 2 l sin 6 

where 2 l is the length of the ladder, and 6 the 
angle that it makes with the floor. Hence S 
and R are known in terms of W and the co¬ 
efficient of friction. Finally tan 6 = ~, re- 

2 ii 

gardless of the length of the slipping ladder. For example, if 
M « M = 45°. 

78. Machines. Before proceeding to consider machines it would 
be well to reconsider work, energy, and power as set forth in the 
previous chapter on dynamics. Machines are in general devices 
whereby a small force P acting through a large distance is able to 
overcome a larger weight or resisting force, W , through a smaller 
distance. Sometimes, however, as in the human forearm, the 
muscle contracting through a short distance moves the hand through 
a much larger distance, and swiftness of movement is secured. In 
this case 5 pounds in the hand may involve a tension of 60 lb. wt. on 
the tendon and muscle. InjJLcases-the ratio of W to P is called the 
m echanic al advantage. 

79. Levers. A lever consists of a straight or bent rod with a prop, 
hinge, or fulcrum, arranged so that a force P can overcome a re¬ 
sistance IF. Examples are a crowbar, poker, wheelbarrow, oar, see- 
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saw, forearm, and balance,* and of double levers, scissors, pliers, 
pincers and nut-crackers. In every case the relation between P 

and W may be found by 
taking moments about the 
fulcrum, so that if a and 
b are the perpendiculars 
F from the fulcrum on P and 
W , always P X a = W X 5 
(Fig. 55). If there is no 
friction it is also possible to 
use the principle of work and to state that the work done by P is 
numerically equal to the work done on W, remembering to measure 
the work done in the direction of 
the forces. 

80. Balance. A balance (Fig. 56) 
consists of a symmetrical beam bal¬ 
anced at the center on a knife edge 
just above the C.G. of the beam, 
with two scales of equal weight also 
pivoted on knife edges at the ends of 
the beam. If there is complete 
symmetry the beam will be hori¬ 
zontal when there are no weights in 
the scales, and also when equal 
weights are placed anywhere on the 
scales. It is possible to check the 
accuracy of a balance and of two supposedly equal weights by inter¬ 
changing them from one scale pan to the other. 

81. Wheel and Axle. A wheel and axle may be regarded as a 
continuous lever. A common axis passes through the center of the 



Fig. 56. — A Balance 




Fig. 57 


wheel and of the axle. If a and 
b are the radii, and P and W the 
forces (Fig. 57), then taking mo¬ 
ments about the axis it is clear, 
if there is no friction, that 

P X a = W X b 

The same result rhay be obtained 
by the method of work. Turn 


the wheel completely round once and P will descend a distance equal 
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to the circumference 2 va, while the weight must ascend 2 wb, the 
circumference of the axle. Equating the value of the work done by 
P to the work done on W, we have 




r 





"(a) 

1 


p 



*1 
P=W 


( 0 ) 


P=%W 




and cancelling the 2 tt we have the previous result. 

82. Pulleys. A pulley is a wheel with a grooved rim to hold a 
rope, and the wheel is fixed in a block with a pin, through the center 
of the wheel so that there is little or 
no friction. In that case the tension 
on one side of the rope is the same as 
the tension on the other side. If the 
block is fixed as in (a) and ( [b ) (Fig. 58), 
then P = W and there is no mechani¬ 
cal advantage. If, however, the weight 
is fastened, Fig. 58 (c), to the pulley 
block, then the pull, P, is transmitted 
without loss to the other 
side of the pulley and 
the weight is held up by 
2 P (if the two sides of 
the rope are parallel), 
and W = 2 P, so that 

the mechanical advantage is 2. If the two sides of 
the rope are not parallel, Fig. 58 (d), they must be 
equally inclined at some angle a to the vertical, other¬ 
wise the horizontal components of P would not 
balance. In this case W = 2 P cos a and the mechan¬ 
ical advantage is 2 cos a. Note that the same results 
can be obtained by the principle of work. In case (a), 
W goes up as much as P goes down, and therefore 
IF = P. In case (c), on the contrary, if W goes up a 
distance x } then the rope tends to slacken an amount 
x on each side and therefore P goes up a distance 2 x . 
Equating the work: 

WXx = PX2x, and therefore 
W = 2 P, as before 





Fig. 59 


83. Systems of Pulleys. There are three main systems of pulleys. 
The simplest of these consists of two blocks, with the pulley wheels 
side by side with a common axle in each block. In the diagram. 
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(Fig. 59), for the sake of clearness, the pulleys are arranged in a verti¬ 
cal line, instead of side by side in each block as in practice. One rope 
is used > fastened t0 the base of the u PP er Mock, 

"""6 6 b 6 threaded round the wheels of lower and upper 
/jjA block alternately, and terminating in the applied 
O' force P. If there are n parts of the rope between 
p the blocks, each has tension P (if there is no fric- 

Uyc | tion) and hence W = nP, where W is the weight 
p raised, including that of the lower block. The 
2P same result is obtainable by the principle of work. 

vV For if W is raised a height x, every part of the 

rope between the blocks tends to slacken an equal 
FI Ja amount x, and therefore P will descend a distance 

nx .. Hence W X x = P X nx, and W/P = n, 
Jk* giving the same mechanical advantage as before. 

w \ Another system consists of sep- 

^ 6Q arate ropes connected, as in 

Fig. 60, to the supporting beam. /jj\ 

If the weights of the blocks are neglected the ten- O' 

sions on the ropes are successively from the bottom, 4P £ 

IF/2, FF/2 2 , IF/2 3 • • •, and if there are n moving /jj\ 

pulleys (excluding therefore the one on the right), O' 

IF = 2 n P, and the mechanical advantage is 2 n . It 2P l 2 ** 

is not difficult to make corrections for the weights /TK 

of the pulleys. Thus in Fig. 60, if IF = 22 pounds O' 

and each pulley has a weight of 2 pounds, the p p 

successive tensions are 12, 7, 4|, so that P = 4J v 

lb. wt. and the mechanical advantage is or o cj) <) p 

about 5, instead of 8, which is the mechanical ad- . C "T~ J 

vantage with very light pulleys. -JL 

Note that if IF is raised through a height x , the w \ 

successive pulleys, A, B, C, will rise x, 2 x , 2 2 x, and 
therefore P will go down 2*x, so that the work 
equation gives W X x = P X 2 n x, if there are n movable light pulleys. 
Finally there is a system where every rope is attached to a beam 


supporting the weight (Fig. 61). The tensions on successive ropes 
from the right are P, 2 P, 2 2 P ■ • • 2 n ~ 1 P, if there are n ropes and % 
pulleys. Hence W = (1 + 2 + 2 2 + • • * 2 re ~ 1 ) P= (2 71 - 1)P. The 
student can verify that, for light pulleys without friction, the me¬ 
chanical advantage by the principle of work also is 2” — 1. 
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Fig. 62 


84. Inclined Plane. The force required to support a body on a 
smooth slope depends on the weight of the body, the steepness of the 
slope, and the direction of the applied force. The problem can be 
solved by the triangle of forces or by the principle of work. If the 
force P, Fig. 62 (a), acts straight up the slope, the force diagram 
gives P = W sin a, and the 

mechanical advantage is pj^] r\ ^ 

1/sin a equal to the ratio of 4 V .s' | 

the length of the slope to its I P I 

height. This may also be _| _ 

deduced from the work equa- wYy l p b 
tion. Move the body from 3^ V 

the bottom of the slope to \ w \ w 

the top. Note that R does no R\a V. 

work, because there is no dis- N \ 

placement in the direction of (“) (i) 

R. The work done against Fig. 62 

W is W X height of slope, 

the work done by P is P X length of slope. Hence W X height = 
P X length, or P = W sin a. 

If P is parallel to the base, Fig. 62 (6), then again moving the 
weight up the slope, W X height = P X base, so that P = W tan a. 

85. The Screw. Great mechanical advantage may be obtained 

with the help of a screw, Figs. 63 

,_„ Lj lL and 64 (a), (6), which is really like 

R p an bielined plane but consists of a 
^ "y helix projecting as a thread from a 

cylinder. The thread fits snugly 
^ | p block into the groove of the block in which 

I" N, i the screw moves * All screws are 

^ right-handed or left-handed, and if 

' you turn them round, end for end, 

d a they remain right-handed, or left- 

* *^ 2 ~ handed, as do twisted ropes and 
Fig 63 cables. The diagrams show right- 

handed screws. The mechanical ad¬ 
vantage of a well-oiled screw is readily found by the principle of 


Hence W X height = 


work. Rotate the arm once and P does work equal to P multiplied 
by the circumference of the power arm, 2 irR, while the supported 
weight, W, is forced up a distance d equal to the vertical height 
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between thread and thread. Hence the mechanical advantage 

W _ circumference of the power arm _ 2tR 

P ~~ distance from thread to thread parallel to the axis ~~ d 



Fig. 64. — The Screwjack 


86. Belts and Cogwheels. It is sometimes desired to transmit 
power from one shaft to another in a machine. This can be done by 
an endless leather belt passing over two wheels one on each shaft. 
If the radii of the wheels are unequal, say a and 6, then the rates of 
rotation will be in the ratio of b to a , the larger turning the more 
slowly. If T is the tension of the belt on the taut side, T the tension 
of the belt on the slacker side, then if d is the distance that the belt 
moves in t seconds, the work done on one side of the wheel will be Td , 
and on the other side — T'd, so that the whole work will be (T — T')d, 
and if this work is done in t seconds the power transmitted will be 
(T - T) d/t or (T - T')v, where v is the speed at which the belt- 
travels. An alternative method is to place, on the shafts, cogwheels 
with the teeth on one wheel fitting into the gaps between the teeth on 
the other wheel, the teeth moving over and past one another with 
httle friction. If one wheel has 16 teeth and the other wheel 8 teeth, 
then the former will rotate with half the speed of the other. By 
such means it is possible to speed up, or to slow down, the rate of 
rotation of successive shafts in a machine. A familiar example is 
the clock whose minute hand is thus made to rotate twelve times as 
fast as the hour hand. 

87. Applications. The applications of statics are numerous, as in 
the designing of bridges and other steel structures; in the human 
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body with its numerous levers actuated by muscles; in sundry uses, 
as kites, windmills, sails, and drawbridges. In the case of an air¬ 
plane flying uniformly on the level the propeller drives the plane 
forward just as hard as it pushes the air backwards; this push of the 
propeller just balances the drag or backward pressure on the whole 
plane due to air resistance; the pressure of the air on the wings pro- 



Weight W ~ lift L L = W cos a 

Push P = drag D P = D -J- W sin a. 

Fig. 65. — Airplane with Constant Velocity 

duces a lift which exactly balances the weight, and so the plane can 
go under balanced forces at a uniform speed in a straight line. 

ELASTICITY 

88. Hooke’s Law and Young’s Modulus. When, by suitable loads, 
a spiral spring, or an elastic cord, rope, or wire is gradually extended, 
or a rod or pillar compressed longitudinally, it is found by experi¬ 
ment that at first the change of length is proportional to the applied 
force. With a gradual increasing load, however, there will occur a 
sudden “give” showing that the elastic limit has been reached; finally 
the breaking point occurs. 

Initially, the numerical ratio of force to displacement is constant 
and this law is very general in Nature. For example, if a rod has its 
ends supported on two bricks, and if 1 kg. lowers the middle point 
to an extent of 1 cm., then 2 kg. will lower it 2 cm., 3 kg. through 3 
cm., and so on, unless the load becomes too large. Similar results 
are obtained by loading at one end a beam which is clamped at the 
other end. This law was first announced by Hooke as an anagram 
“eiiioucnsssttv,” and the reader had to guess the meaning, “ut 
tensio sic vis,” then to translate and to comprehend that “extension 
is proportional to the force”! The engineer often uses the terms 
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stress and strain, and states that their ratio is a “modulus” or 
coefficient of elasticity. Thus if a rod is of natural length L and it is 
extended by a force F through a distance X, and if A is the cross- 
sectional area the strain is X/L or extension per unit lengtlv-the 
stress is F/A or the force per unit area and the modulus £, known as 
Young’s modulus, is given by 

stress __ F IX 
strain ~~ A/ L 

so that 


Tables are available giving the value of Young’s modulus for vari¬ 
ous materials, so that the engineer can calculate the extensions 
of members of a bridge, let us say, for a given load F for a known 
length L and for cross section A. 

^89. Compressibility and Bulk Modulus. All substances can be 
diminished in size under sufficient pressure, and a solid or a liquid 
will have its volume decreased in proportion to the pressure exerted 
on its outer surface. This can be done by placing the material in a 
strong cylinder closed at the base, and with a plunger, or tight-fitting 
piston, producing the required pressure. 

Hence it is possible to define a modulus, or coefficient, of elas¬ 
ticity called the bulk modulus which here, as always, is defined as 
stress/strain. Thus if the original volume V decreases by an amount 
v, under a pressure p in dynes/cm. 2 , then the bulk modulus, or volume 
elasticity 

/ 

The “compressibility” c is defined as the reciprocal of k; so that 

_ v _1 

c ~pV~k 

Example. Find the decrease in volume of 1.5 liters of water under 10 
atmospheres pressure, given that the compressibility of water is numerically 
50 X 10~ 12 cm. 2 /dyne. Since 1 atmosphere = 1.013 X 10 G dynes/cm. 2 , it is 
clear that the decrease in volume v equals cpV or 50 X 10~ 12 X 10 X 
1.013 X 10 s X 1500, or 0.76 cm. 3 Mercury under the same circumstances 
would have a change in volume about A of the above value for water, and iron 
about yu- Physicists and engineers use handbooks or sets of tables which 
give accurate information, derived from experiment, of the values of such 
physical constants as those above quoted. 
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4 90. Shear Modulus or Rigidity. There remains yet a third co¬ 
efficient of elasticity, variously known as rigidity, torsion modulus, or 
shear modulus. A pair of scissors does not cut like a knife but with 
a shear, for the two sides of the instrument, so close together, tend to 
move the object between them in two opposite directions. If a 
fairly stout book, like a dictionary, is placed on the table and the 
upper cover is forced sideways, and parallel to the table, it will be 
noted that the leaves all move over their neighbors from top to bot¬ 
tom. This kind of motion is also a shear. Even with solid bodies, 
as rigid as steel, such a shearing motion can be produced by large 
lateral forces. The corresponding coefficient of elasticity called 
rigidity, denoted by n, is measured, as heretofore, by stress/strain. 



(a) (6) 


Fig. 66 

The stress is defined as the tangential force per sq. cm. producing the 
sideways motion, and the strain is defined as the amount of lateral 
displacement per unit height. Thus, Fig. 66 (a), if A is the height of a 
rectangular block, with the area of base and top equal to A, and if 
F is the lateral force, then the stress is F/A, and the strain is x/h 
where x is the lateral displacement of the top with respect to the 
lower face. Hence 

_ F jx KF_ F 
n ~ A/ k~ xA~ Ad 

where 8 is the small angle of displacement. In the case of iron, steel, 
and nickel, n equals about 8 X 10 11 dynes/cm. 2 , and for copper, brass, 
zinc, and quartz, n has about half that value. Lead is not very rigid; 
indeed the value of n for lead is only 0.56 X 10 11 dynes/cm. 2 , so that 
steel is about 14 times as rigid as lead. 

The idea of a shear is. involved in the twisting of a straight wire 
with circular section, Fig. 66 (6), for if one end of a straight wire or 
rod is twisted then the other end tends to twist also; and if one end 
is clamped and the other is turned, then successive circular sections 
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must move one over the other. The torsion produced by the torque 
depends on the material and its rigidity n, on the length l and the 
radius r of the wire, in fact it may be proved that the 

u 

torque = 717^1 cm. 

where 8 is the angle turned through by one end face with respect to 
the other. This result governs the conditions for all torsion balances, 
and it is placed on record for reference only, without proof or any 
suggestion that it should be memorized. 

PROBLEMS 

1. If in Fig. 38 the forces at the ends are 4 and 8 kg., and the rod is 120 
cm. long, how large is the center weight and how far from each end? 

(12 kg.; 40 and SO cm.) 

2. Find the resultant of like parallel forces, 10 and 20 kg., 90 cm. apart; 

where does it act? (30 kg.; 30 cm. from 20 kg.) 

3. Find the position and magnitude of the resultant of 12 and 10 lb. wt. 
parallel, unlike forces, 6 in. apart. (2 lb. wt.; 30 in. from larger force) 

4. Prove that a force P and a couple Q, Q are equivalent to a single force 
P in a new position. 

5. Show that three forces fully represented by the three sides of any tri¬ 
angle, taken in successive order, are equivalent to a couple. 

6. In Fig. 45, what are the values of S and T when the angle between the 

lath and cord is 45°? (S, 5 lb. wt.; T, 7.07 lb. wt.) 

7. What is the component of a force of 112 lb. wt. along a line making 37° 

with the force? (112 cos 37° = 112 X .7986 = 89.4 lb. wt.) 

✓ 8. A man, mass 160 lb., is in a hammock and the end ropes have slopes 
1 in 4, and 1 in 3 (i.e., 1 vertical to 3 horizontal). Draw a force triangle and 
find the tension on each rope. (282 and 289 lb. wt.) 

9. Prove that the resultant of two couples is, in general, a third couple. 

10. Two disks are 6 and 8 in. in diameter. A pull of 12 lb. wt. is given to 
a cord fastened round the first; what pull must be given to the second in 
order to hold the disks, attached to the same axle, in equilibrium? (91b. wt.) 

11. Find the resultant, in magnitude and position, of parallel forces 1, 2, 
3, 4, 5 kg. at distances 10, 20, 30, 40, 50 cm. from a given point 0. 

(15 kg. wt.; 36.7 cm. from 0) 

12. Prove that the center of gravity of a uniform triangular board coin¬ 
cides with that of three equal weights at the corners. 

13. A circular table, 60 lb. wt., has three legs equally spaced round the 
rim. What is the least weight placed on the table, required to tip it over? 

14. On a seesaw a man 5 ft. from the pivot, or prop, balances two chil¬ 

dren, 80 and 100 lb. wt., at 5 and 6 ft. from the pivot. What is the man’s 
weight? (200 lb.) 
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* ®If 6 feet of a chain lie straight across a table, and 4 feet hang down, 
A#eis the C.G. of the chain taken as a whole? 

(0.8 ft. below table; 1.8 ft. from edge) 

16. A triangular board has edges 6, 8, 10 cm. long. Find the distance of 

the C.G. from the two shorter sides. (2 cm.; 2f cm.) 

17. A chain is placed on a table, so that the sides are 3, 4, 5 feet. How 
far is the C.G. of the chain from the two shorter sides? (1 ft.; 1| ft.) 

18. The upper part of a triangle is cut off by a line parallel to the base 

which passes through the C.G. of the whole triangle. Where is the C.G. 
of the remainder? (At X on GK, and XG — T s g GK } see Fig. 49) 

19. A right circular cylinder, 20 cm. high, 12 cm. diameter, is placed on a 
rough board. Find the tilt required to make the cylinder topple over. 

(Slope = tan a = 0.6, a = 31°) 

20. If a body is in equilibrium under three forces only, prove that they 
must meet at a point, or be parallel. 

21. A 5-kg. mass is suspended by a cord. What horizontal force is re¬ 
quired to displace the body until the cord makes 30° with the vertical? 

(2.89 kg.) 

22. The angle of friction is 30°, what is the coefficient of friction? (0.577) 

23. If a man were on perfectly smooth ice, how could he get off? 

v 24. What horsepower is required to pump 11,000 pounds of water up 
150 ft. in 5 minutes? (10 hp.) 

25. Find the work done in dragging a sleigh 50 ft. up a slope of 30°, if the 
sleigh weighs 200 lb. and the coefficient of friction is 0.2. 

(Work = (W sin d + i*W cos d) X d = 6732 ft .-lb.) 

26. An unextended spring is slowly pulled until the extension is 6 in. when 
the pull is 12 lb. Find the work done. 

(i X 12 X J = 3, not 6, ft.-lb. Why?) 

27. A man holds 10 lb. in his hand with his forearm horizontal. Find the 

tension on the tendon if it is 1 in. in perpendicular distance from the elbow 
joint, and if the weight is 12 in. from the elbow. (120 lb.) 

28. What force must a man exert with each hand to hold up a wheelbarrow 

with contents weighing 100 lb.? Distances to wheel horizontally of handles 
and C.G. being 40 and 16 in. (20 lb. wt.) 

29. Find the best angle at which to pull a toboggan over rough level 
ground. (The force should make an angle with the ground equal to the 
angle of friction; draw a force diagram) 

,V 30. In Fig. 60, W = 40 lb. and each pulley weighs 2 lb., find P and the 
mechanical advantage. (P = 6f lb.; mech. adv. = 5.93) 

v 31. In Fig. 61, W = 40 lb. and each pulley weighs 2 lb. Find P and the 
mechanical advantage. (P = 4f; mech. adv. = 8.75) 

N 32. The crank of a windlass is 3 ft. long and the barrel is 16 in. in diameter, 
what can a man raise who exerts a force of 60 lb. on the handle? (270 lb.) 
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33. Four sailors are each S ft. from the center of a capstan (2 ft. in diame¬ 

ter) pushing SO lb. wt. each; if they just “ weigh ” the anchor, how heavy 
is it? (2560 lb. wt.) " 

34. A weight of 120 lb. is on a smooth slope inclined at 30°. What force 

straight up the hill will balance the weight? (60 lb.) 

35. In a screw the power ami is 30 cm., and there are 3 turns of the thread 
to every 10 cm. Find the mechanical advantage, if smooth. (56.55) 

36. Prove that the rope required to drag a body up a rough hill with the 
least force must make an angle with the hillside equal to the angle of friction. 

37. Find the work done against friction in dragging over level ground a 

toboggan, 120 lb., for 100 ft., if ji = 0.15. (1800 ft.-lb.) 

38. What is the horsepower when an engine pulls a train with a force of 

2000 lb. wt. at 60 miles an hour, or 88 ft. per second? (320 hp.) 

v 39. A 10-lb. mass is on a rough table (ju = 0.2) and is tied to a cord over a 
light pulley at the edge with 6 lb. fastened at the lower end of the cord. 
Find the acceleration and tension. 

(a = 8 ft. see. -2 ; T = 144 poundals = 4.5 lb. wt.) 



CHAPTER IV 
HYDROSTATICS 


91. Introduction. Matter may exist in the form of a solid, liquid, 
or gas. Liquids and gases differ from solids in that they offer little 
resistance to change of form, though they do resist compression. 
When a liquid is poured into a vessel, it flows and takes the shape 
of the dish, filling it to a height which depends upon the volume of 
the liquid. A gas when introduced into a vessel also flows but occu¬ 
pies the whole of the vessel, so that a gas must be confined by walls. 
Liquids therefore differ from gases, but both possess the property 
of flowing readily and are grouped under the single name of fluids as 
opposed to solids. 

Hydrostatics deals with the equilibrium of fluids. When a fluid, 
such as water, is poured into a tall beaker, or glass jar, the water 
exerts a pressure on each point of the sides and bottom of the vessel. 
The pressure at any point is measured in terms of the force exerted 
on unit area surrounding the point, supposing that the force is uni¬ 
form over the area. Pressure is therefore expressed in such units as 
pounds per square inch, tons per square foot, grams, or dynes, per 
square centimeter. In general we may write: 

_ force 

Pressure =- or 

area 

So also, when air is blown into a toy balloon, the air exerts a pressure 
at every point of the surface, which may also be expressed in terms of 
a force per unit area. A fluid exerts a pressure on that surface of 
the container with which it is in contact. 

92. Density and Specific Gravity. A fundamental property of all 
substances is density. The density of a solid, liquid, or gas is defined 
as the mass of the substance per unit volume. Hence if a mass M 
of a substance has a volume V, the density D is given by the relation 


The units of density are usually grams per cubic centimeter or pounds 
per cubic foot, but any other convenient units of mass and volume 
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may be used. Engineers and others often find it more convenient to 
express the density of a substance in terms of the density of water. 
This ratio is called the specific gravity of the substance and is a pure 
number. Thus if Dj is the density of iron, equivalent to about 
493.8 lb./ft. 3 , and D w is the density of water, equivalent to approxi¬ 
mately 62.4 lb./ft. 3 


The specific gravity of iron Si 


Pi 

D~ 


493.8 


This simply means that any volume of iron is 7.9 times as heavy as 
an equal volume of water. Note that whereas two units are required 
to express density, namely, a mass and a volume, specific gravity is a 
number expressing merely a ratio. The density of water at maxi¬ 
mum density (4° C.) is almost one gm./cm. 3 ; hence the numerical 
value of density and specific gravity in the metric system will be the 
same. Thus a cubic centimeter of lead has a mass of 11.35 gm., so 
its density is 11.35 gm./cm. 3 

™ ,, , 11.35 gm./cm. 3 „ 

The specific gravity of lead = i gm./cm. 3 * 11,35 

The various methods of determining density and specific gravity 
of substances will be discussed later. 

93. Variation of Pressure with Depth in a Liquid. Consider a tall 
vertical jar filled with a liquid of density* d gm./cm. 3 Under the 
action of gravity this liquid exerts a force at every point in its vol¬ 
ume and on the sides and bottom of the vessel. The pressure at any 
point P (Fig. 67) may be found by considering a cylinder ABCD of 
cross section a cm. 2 and vertical sides, whose depth will be h cm. 
below the surface. The weight of this cylinder of liquid gives the 
force on the base of the smaller cylinder equivalent to ahd gm. 

mi I 7 ) force ahd 

The pressure at P =-= — = hd gm. wt. cm. -2 

cur ea ex 


Hence for a given liquid of constant density d , the force per cm. 2 
varies directly as the depth. As liquids are only very slightly com¬ 
pressible, the density may be considered constant throughout the 
liquid. The pressure at any point in the liquid, such as at (Fig. 67) 

* It may be noted that cc. and cm. 3 are, for practical purposes, equivalent 
terms for a cubic centimeter. A cc. is one thousandth of a liter; a liter is 1000.027 
cm. 3 Hence a cc. and a cm. 3 are not exactly equal but differ only by one part in 
37,000. 
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q must be the same in all directions; for if it were not there would 
be a resultant force in some definite direction which would cause the 
liquid to move, since a liquid cannot withstand a shearing or sideways 
force. Since the liquid is supposed to be at rest, there is no resulting 
force and, consequently, the pressure at any point in the liquid must 
be the same in every direction. Similar reasoning shows that the 
pressure at the walls must be normal to the surface, otherwise there 
would be a tangential component at a point such as R, which would 
be unbalanced and the liquid would move. Thus the pressure at a 
point in a liquid is the same in all directions and acts normally to the 
surface at every point on the walls of the container. This may be 


a D 



Fig. 67 Fig. 68 


demonstrated experimentally by closing a glass tube ABCD (Fig. 
68) with a ground glass plate BC , which is greased to produce a water¬ 
tight joint. A thread H is attached to the plate at G to prevent it 
from falling and being broken during the experiment. This tube is 
placed vertically in a large vessel of liquid of density d gm./cm. 3 
The upward pressure on the lower side of BC is given by P = h X d 
gm. wt./cm. 2 , where d is the density of the liquid and h is the ver¬ 
tical depth of BC below the surface EF of the liquid. If the same 
liquid, with some coloring matter, is poured gently into the tube, it 
will be noted that the plate BC will fall away only when the height 
of the liquid in AB reaches the level EF, indicating that the down¬ 
ward pressure inside is equal to the upward pressure due to the liquid 
outside. 

We are now in a position to find the total force due to a column of 
liquid on any given area. For example, the wall of a dam AB 
(Fig. 69) is l feet long and the height of the water is h feet. Then 
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the average pressure P due to the water is h X d/2 lb. wt./ft./ 
where d is the density of water in lb./ft. 3 , since the pressure increases 

regularly from zero at the top sur¬ 



face to hd lb. wt./ft. 2 at the bot¬ 
tom, as shown by the length of 
the horizontal arrows in the dia¬ 
gram CDE (Fig. 69). The total 
force on the wall of the^ffanT 
of length l will be 


Fig. 


P X area = - = ~~ lb. wt. 


Note that the force is quite independent of the size of the lake or 
river which is thus dammed. 

The fact that pressure varies directly as the depth explains why 
water “seeks its own level/' as indicated by the apparatus illustrated 


in Fig. 70. The pressures at 
the same horizontal levels, 
A, B,C, and D, are the same 
if the liquid is at rest and, 
since the pressures are pro¬ 
portional to the depth of the 
liquid, h will be the same, 
though the actual amount of 
liquid in each tube will be 



different. The apparatus shown in Fig. 71 may be used to demon¬ 


strate that the force exerted by a liquid on a given horizontal surface 



Fig. 71 


is proportional to the product of the depth of the liquid and of the 
area. The three vessels B } and C all fit the same base, in which 
there is a circular opening D closed with a rubber diaphragm. When 
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each vessel is filled in turn to the same level, the pressure on the bottom 

is measured by the extension of the rubber which operates the lever 

The lever will indicate the same pressure for each tube, though the 

quantity, and therefore the total weight, of liquid used will be very 

much more in the case of tube A than in the case of tube B or tube C 

The weight of the vessel and the liquid 

is supported by the holder E. By O 

using two liquids of different densities, 

the pressure will be found to be M 

greater for the more dense liquid when §§.p 

the depths are the same. 3® s 

94. Pascal’s Principle. When pres- 
sure is applied at one point of a fluid in ^ 

a closed vessel, this extra pressure is ' 

: transmitted undiminished throughout 
? the fluid, and acts normally at every £ 

point of the wall of the vessel. /([ I % 

This principle is due to the French I 

mathematician and religious philoso- _ , 

pher, Pascal (1623-1662), and may be ' ~ 

demonstrated by the simple apparatus shown in Fig 72 The 
spherical glass vessel contains a number of small capillary openings 
A, B, C, etc., and is completely filled with water. Placing the piston 

... . P into the tube and pressing 

T downward, the extra pressure will 

cause the water to squirt out of 
the various holes, indicating that 
Sggilrtj tlle extra pressure on P has been 

transmitted in all directions to 
the various openings. 

Fig - 73 This principle has been applied 

r. n- i ■ to the construction of machines 

for multiplying pressures to enormous values. Two cylinders ft 
the one A of small cross section a s v 

large cross section b square inches, 
and are connected t 


Fig. 72 


Fig. 73 
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The total resulting upward force on B will consequently be 


This result can also be deduced from the principle of work as 
follows. Suppose the piston A moves down a distance x and the 
piston B up a distance y. Then since the volume of the water re¬ 
mains constant, we have from geometry 

by = ax 

and if there is no loss by friction or other causes, the work done by 
/ must equal that done by F. Hence Fy = fz. 

Therefore 


or 

For example, suppose b = 100 a , then F = 100/, or 100 pounds on 
A will produce an upward force of 10,000 lb. wt. on B. Such a 
multiplication of force, which in effect resembles the multiplying 
of forces by the simple lever, is known as the “ hydrostatic paradox.” 
This method of multiplying force is the principle of the hydraulic 
press, which was first used by the British inventor and engineer 
Joseph Bramah (1748-1814) for compressing bales of cotton. To¬ 
day there are many applications of the hydraulic press in industry, 
such as for bending and cutting steel plates, and for raising bridges 
or elevators. 

95. Arc him edes* Principle. Let a stone be attached to a spring 
balance with a thin thread. Suppose the weight of the stone to be w. 
If the stone be lowered into a jar of water its apparent weight % 
when totally immersed in water may be found. Then w x will be 
less than w. Archimedes (287-212 b.c.) realized that the differ¬ 
ence between the weight and the apparent weight was exactly 
equal to the weight of water displaced by the stone. In other 
words, the water exerted a buoyant force upward on the stone, 
which was equal to the weight of water displaced. According to an 
old story, his kinsman, King Hiero of Syracuse, suspected that the 
goldsmiths who had repaired his crown had not used pure gold, and 
asked Archimedes to determine if the crown was really made of 
pure gold. One day while pondering over the problem, Archimedes 
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stepped into a bath which was completely filled with water, and as 
he lay down in the water he noticed that the water overflowed in an 
amount which seemed to be proportional to the volume of his body 
that was under the water. Suddenly realizing that he could solve 
the difficult problem of the purity of the gold in the crown, he 
was so elated that, according to the story, he rose from his bath 
and ran through the streets shouting “Eureka! I have found it!” 
Archimedes generalized his principle in the following propositions 
given in his book on floating bodies.* Proposition 5 . “Any solid 
lighter than a fluid will, if placed in the fluid, be so far immersed 
that the weight of the solid will be equal to the weight of the fluid 
displaced.” Proposition 7. “A solid heavier than a fluid will, if 
placed in it, descend to the bottom of the fluid and the solid will, 
when weighed in the fluid, be lighter than its true weight by the weight 
of the fluid displaced. ” These two propositions 
may be combined in the single statement: 

A body immersed in a fluid is buoyed up with a 
force equal to the weight of fluid displaced . 

This is an important principle which applies to 
any liquid or gas. 

This principle may be deduced from our 
knowledge of fluid pressures. Suppose a body 
A is immersed in a fluid (Fig. 74), then a 
volume of fluid will be displaced equal to the 
volume of the body. The total downward 
thrust / on the upper surface BCD is due to 
the weight of the fluid FBCDG above it. The total upward force F 
on the lower surface BED due to the fluid is equal to the weight of 
the volume of the fluid FBEDG. Hence the resultant upward force 
on the body A is 

F — f = weight of FBEDG - weight of FBCDG 
— weight of fluid BCDE 
= weight of fluid displaced by A 

This upward force is called the buoyant force on the body. 

The truth of Archimedes’ principle may be demonstrated with the 
apparatus shown in Fig. 75. A solid brass rod A fits snugly into a 
hollow brass cylinder B of exactly the same size as A, The rod A is 

* Translation by Sir Thomas Heath. 
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fastened to the lower end of B by a thin thread and both are hung 
on one end of a balance. A and B are balanced while suspended in 
air by the weights D in the other pan of the balance. A is now low¬ 
ered into a beaker of water C until A is just immersed in the water. 
It will now be found that the equilibrium is disturbed and the weights 
D appear to be too great. If the cylinder B is exactly filled with 
water by means of a pipette, equilibrium is restored, proving that 
the weight of water in B, which equals the weight of the volume of 
water displaced by A, just equals the apparent loss of weight of A 
when immersed in the water. This principle is true for any liquid 
or gas. The upward vertical force exerted by the fluid on the body 
immersed in it, is called the buoyant force, and we have just proved 
that the buoyant force is equal to the weight of the fluid displaced. 

If the weight of the body is 
greater than the weight of the 
fluid displaced it will sink. A 
block of wood, if placed in water, 
will sink until the weight of water 
displaced equals the weight of the 
piece of wood. Thus, in general, 
a body will float if the buoyant 
force of the displaced fluid equals 
the weight of the body. It is 
for this reason that an airship filled with hydrogen or helium will 
float in air, and that iron will float on mercury. In the case of a 
ship, it will sink in the water until it displaces a w r eight of water equal 
to the weight of the ship and cargo. The heavier the cargo, the deeper 
must the ship sink in the water, and the greater the volume of water it 
must displace. Hence we speak of the displacement of a ship. The 
displacement of a submarine may be regulated by altering the volume 
of water it displaces by building tanks inside which may be partially 
filled with water or emptied, according as the buoyant force is to be 
less or greater. The same principle is used to regulate the height of 
an airship or balloon, replacing the lighter gas by air, though often 
bags of sand are carried which may be released, thus altering the 
weight while the buoyant force remains practically unchanged. 

96. Stability of Floating Bodies. A floating body is under the 
action of a downward force due to its weight, and an upward force due 
to the buoyant action of the fluid in which it floats. We have already 
learned that the weight of the body may be supposed to be concen- 
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trated at its center of gravity. The upward buoyant force will act 
through the center of gravity of the fluid displaced, called the center 
of buoyancy. In order that the body may be in equilibrium we 
must have: 

| (1) The buoyant force of the liquid equal to the weight of the 

; body 

l (2) The center of buoyancy and center of gravity of the body 
| in the same vertical line 

In a ship the relation between the center of gravity and center of 
buoyancy is very important, for the ship must be in stable equilibrium. 
The center of gravity of the ship and its cargo will depend upon the 
distribution of the weight of the ship. Suppose G (Fig. 76) is the 
center of gravity of the ship and cargo. 

When the ship is in a vertical position of 
equilibrium, the center of gravity and the 
center of buoyancy will lie on the line A B. 

If the ship is displaced as indicated, the 
center of buoyancy of the water displaced 
will now be at C. The vertical direction of 
the buoyant force F~ wulITntersect. 'AB in M, 
caflecfthe metacenter. The buoyant force F 
equalsThe weight W and these two forces 
constitute a couple. It is evident that the couple acting on the ship 
will restore the equilibrium if M is above G } but if M is below G the 
boat will be turned over. Hence naval architects and engineers take 
care in designing a ship to keep the metacenter as far above G as 
possible. The position of G may be lowered by carrying ballast. 
Sometimes sufficient care is not taken in distributing the cargo; for 
example, a large number of passengers on the upper deck of a poorly 
designed ship will raise the center of gravity to such an extent that, 
on the ship rolling a little more than usual, M falls below G and the 
vessel “turns turtle/ 7 possibly with loss of life. 

97. Specific Gravity and Density of Solids and Liquids. There are 
various ways of determining the density or specific gravity of liquids 
and solids. To determine the density of any substance we need to 
know (1) the mass of the object, and (2) its volume. The mass is 
usually found by direct weighing; the volume is the more difficult 
quantity to determine. Typical methods may be summarized as 
follows: 
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(a) Direct method 

(i h ) Archimedes 7 principle 

(i c ) Hydrometers 

(d) Specific gravity bottle 

(i e ) Balanced columns 

A few examples illustrating these various methods will now be dis¬ 
cussed. 

98. Density by Direct Methods. If the material, the density of 
which we wish to find, can be obtained in some uniform regular shape, 
such as a sphere, cylinder, or cube, we first weigh the body in the air 
and find its mass M gm. Then calculate its volume from its dimen¬ 
sions and obtain V cm. 3 The density will be M/V gm. cm." 3 Thus 
three cylinders, made of lead, iron, and brass, respectively, are made 
6 cm. in diameter and 5.3 cm. high. The volume of each cylinder 
will be 149.8 cm. 3 Weighing these in air, we find their masses to 
be 1693 gm., 1169 gm., and 1274 gm., respectively. Hence the 
densities are: 

Lead 11.3 gm./cm. 3 

Iron = 7.8 gm./cm. 3 

1274 

Brass = ^ g = 8.5 gm./cm. 3 

These values also give the specific gravity of the solids, as the 
density and specific gravity in the metric system are numerically the 
same. 

99. Specific Gravity by Arcllimedes , Principle. The weight of the 
body is found by weighing it in air; say, W gm. wt. If the body is 
more dense than water, it may be weighed in water by attaching a 
thin thread to hold the body to the balance. It will be found to 
weigh Wi gm. wt. when totally immersed in water. By Archimedes’ 
principle, the weight of an equal volume of water = (W — Wx) 
gm. wt., and hence the specific gravity of the body will be: 

W 


Using the same three cylinders as in Sect. 98 above, their weights in 
water were found to be 1543 gm., 1019 gm., and 1124 gm., respec¬ 
tively. Thus their specific gravities will be: 




100. specific Gravity by Constant Weight Hydrometer. The prin¬ 
ciple of this instrument may be illustrated by a uniform glass tube, 
weighted at one end with some lead shot, as shown 
in Fig. 77, so that it will float vertically when im¬ 
mersed in a liquid. Let the cross section of the 
tube be A square centimeters, and suppose it 
floats in water, so that a length l w centimeters is 
under the water. Then by Archimedes’ principle 
the weight w of the hydrom¬ 
eter, lw • Ad w gm. wt., must 
equal the weight of the vol¬ 
ume of water displaced, 
being the density of the 
water. If now the hydrom- 
eter is placed in a liquid of Fig. 77 

density d gm./cc., the hy¬ 
drometer will float so that a length k is under 
the liquid. Since the weight of this liquid dis¬ 
placed must also equal the weight of the hy¬ 
drometer, we have: . .. 

w ~ Id Ad — IwAdm or d = z~ d^ 

h JV 

Thus the specific gravity of the liquid will be 
lw/k, or inversely proportional to the lengths of 
the tube submerged. 

In order to increase the sensitivity of the in¬ 
strument, hydrometers in practice are made of 
the shape shown in Fig. 78, where a bulb B is 
Weight Hydrometer l° a( ied a t the end A , and a thin uniform tube 
BC is graduated to indicate directly the specific 
gravity of the liquid. The divisions will not be uniformly spaced, 
but are closer together at the bottom of the stem. If the hydrom¬ 
eter is to be used to measure the specific gravities of liquids denser 
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than water, the graduation 1.000, which will be the level at which it 
floats in pure water, will be near the top of the stem, and the scale 
adjusted (by choosing the proper size of the bulb and stem) so that 
each division represents an increase in specific gravity of OfOOl. 
When the hydrometer is to be used for liquids lighter than water, 
the instrument is constructed so as to float in water with most of the 
stem above the surface. The graduations will be in units indicating 
a density less than that of water, for the lighter the liquid, the deeper 
will the hydrometer have to sink until it displaces its own weight 
of the liquid. Hydrometers are in common use for measuring the 
specific gravity of such liquids as oils, beers, and the sulphuric acid 
solution used in storage batteries. 

The specific gravity of a liquid may also be determined with a 
hydrometer, the weight of which may be changed so that a constant 
volume of the liquid is always displaced. Such constant volume 
hydrometers are only used in special cases. 

101. Specific Gravity Bottle. One of the most useful methods of 
finding the specific gravity of liquids as well as of solids is by using 
the specific gravity bottle. This is a small glass bottle 
of the shape shown in Fig. 79, provided with a glass 
stopper through which a fine hole is bored. The bottle, 
when filled completely with liquid, the stopper inserted, 
and the excess liquid expelled through the fine hole, 
contains usually exactly 50 cc. or 100 cc. at 20° C. 
To find the specific gravity of a liquid, the empty dry 
bottle with stopper is first weighed on a balance. It is 
then filled completely with water and the stopper in¬ 
serted, and the weight Wi of the bottle and water 
found. The water is emptied out and the bottle 
thoroughly dried, after which it is filled with the liquid whose specific 
gravity is to be found and the weight TF 2 of the bottle and liquid de¬ 
termined. If B is the weight of the empty bottle, the specific gravity 
S of the liquid is 

o w> - B 
^ ~ Wi — B 

To determine the specific gravity of a solid with the specific gravity 
bottle, the solid is divided into small pieces like lead shot, for ex¬ 
ample. Let the weight of the bottle when half full of shot be F 3 . 
Then the mass of shot in the bottle is W 3 — B, where B is the weight 
of the empty bottle. Add water to the bottle until it is full and 



Fig. 79. — Spe¬ 
cific Gravity 
Bottle 
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weigh again, W 2 . Then the weight of the water in the bottle will be 
- Jf 3 . The weight of water which will fill the bottle is Wi — B, 
therefore the weight of water which has the same volume as the 
.hot must obviously be (Wi - B) - (W 2 - W 2 ). Hence the spe¬ 
cific gravity S of the lead is: 

mass of shot _ _ _ W 3 — B _ 

ihasTs of equal volume of water ” (WT - B) - - W z ) 

102. Balanced Columns. The relative densities of liquids may be 
found by a simple method of balancing the pressure caused by a 
column of one liquid against an equal pressure due to a different 
column of the other liquid. The simple apparatus shown in Fig. 
SO may be used for this purpose. It consists of a glass U-tube 
DABC with a little mercury A B at the bottom. This mercury serves 
to keep apart the two liquids in the arms of the tube AD and BC. 
Some liquid is poured into the one arm AD and an amount of the 
second liquid is poured into BC until the surface of 
the mercury stands at the same level in each tube, 
which will be so when A B is in a horizontal plane. 

When this is so, the pressure at A must equal the 
pressure at B. The atmospheric pressure at D equals 
that at C. Hence the pressure due to the height AD 
of the liquid of density di must be equal to the pres¬ 
sure due to the height of liquid in BC of density d 2 . 

If the height AD is hi and that of BC is h 2j we must 
have 

J h 2 

or -e 

Thus the densities of the two liquids may be com¬ 
pared. If the liquids do not mix with each other, one 
liquid may be poured into the U-tube first, and the 
second liquid added to one limb until the first liquid 
extends from B to D. In this case the pressure at A will be equal 
to the pressure on the same horizontal plane at the interface between 
the two liquids at B. Using the same notation, the densities of the 
two liquids are compared exactly as above. 

Another modification of this method, due to the American chemist 
Hare, is illustrated in Fig. 81. An inverted U-tube with a tube sealed 
at the top of the bend at E> provided with a stopcock F is held 
vertically in a stand. The lower ends of the tubes are placed in 



Fig. SO 
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beakers containing the two liquids, the densities of which are to be 
compared. On opening the top F and withdrawing some air by the 
tubing H, the pressure above the liquids is reduced and the liquids 
will rise in the arms of the U-tube as indicated. Suppose the density 
of the liquid in AC is 4, and the density of the liquid in BD is 4 
Let the vertical height of A above the surface 
C be h and that of B above the surface D be 
/i». Since the atmospheric pressure at D is the 
same as at C, the pressure due to the column 
of liquid in AC given by Mi must be equal to 
the pressure of the column in BD given by 44 
Hence 

? j 7 7 4 4 

h\di — hidz or ^ ^ 

Thus by measuring the heights h and 4 the 
densities of the two liquids 4 and 4 may be 
compared. This arrangement has the advan¬ 
tage that the liquids are kept separate. 

In Table I a list is given of the densities of a 
n um ber of the more common solids. The 
values are in gm./cm. 3 , and, consequently, 
numerically the same as the specific gravities. The densities in 
En glish units of pounds per cubic foot may be obtained by multi¬ 
plying each of the numbers by 62.4, which is the mass of a cubic 
foot of water. A list of densities of some of the more common liquids 
is given in Table II. 

TABLE I 

Densities of Solids in gm./cm . 3 
Substance 

Aluminum.... 

Brass. 

Copper. 

Glass. 

Gold. 

Iron. 

Lead. 

Platinum. 

Zinc. 

Wood (dry oak) 

Wood (pine). . . 


Density 

2.7 
8.4 
8.9 
2.6 

19.3 

7.8 

11.4 

21.5 
7.1 
0.8 
0.5 
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TABLE II 


Densities of Liquids in gm./cm . 3 
Substance Density at 0° C. 


Ethyl alcohol. 0.81 

Benzol. 0.88 

Chloroform. 1.53 

Glycerine. 1.26 

Mercury. 13.60 

Olive oil. 0.92 

Sea water. 1.03 


103. Density of Gases. It was first demonstrated that a gas 
possesses weight by the Prussian physicist, Otto von Guericke (1602— 
1686), who made the first air pump, and the methods used today are 
similar to those which he used. A large metal or glass (for accurate 
work preferably quartz) bulb, 
about a liter in capacity, is pro¬ 
vided with a tube and stopcock. 

The volume of this vessel is ac¬ 
curately determined, often by 
finding the weight of water which 
fills it completely at a given tem¬ 
perature. The bulb is first com¬ 
pletely exhausted and thoroughly 
dried. It is then attached to one arm of a balance and its weight 
in air determined by counterweights on the other pan of the balance, 
as shown in Fig. 82. As the buoyant effect of the air interferes with 
accurate determinations of density, a similar evacuated bulb is hung 
on the other end of the arm of the balance to act as part of the com¬ 
pensating weight. The bulb A with the stopcock is then filled with 
the gas, the density of which is to be found, at a certain pressure 
and temperature. Extra weights of mass M gm. must now be added 
to the pan B until equilibrium is restored. If V cm. 3 is the volume 
of the bulb, then the density of the gas is M/V gm./cm. 3 In this 
way the density of different gases under the same conditions of pres¬ 
sure and temperature may be found. 

The densities of a few typical gases at 0° C. and 760 mm. of mercury 
pressure are given in Table III. 
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Gas 

Air. 

Carbon dioxide 

Helium. 

Hydrogen.... 

Nitrogen. 

Oxygen. 


TABLE III 

Density, gm./liter 

. 1.293 

. 1.977 

. 0.178 

. 0.0899 

. 1.251 

. 1.429 


The lifting power of a balloon depends upon the difference in den¬ 
sity of the air and the gas used for inflating the bag. Suppose a 
balloon is first filled with hydrogen and then with helium , what is the 
ratio of the buoyancies? Each liter of the balloon when filled with 
hydrogen will have a lifting value of 1.293 — 0,0899 = 1.203 gm. 
Similarly when filled with helium, each liter gives a lifting value of 
1.293 - 0.178 = 1.115 gm. Hence the ratio of the buoyancies in 
the two cases is 1.203/1.115 = 1.08. Thus hydrogen gas gives only 
8 per cent more buoyancy although it is half as dense as helium. 
Since helium is noninflammable, the advantage of using helium is 
obvious and the airships of the U. S. Navy are inflated with helium, 
which is extracted in large quantities from natural gases. 

104. Air Pressure: the Atmosphere. We have already seen that 
gases possess weight and as a result we might deduce that the air 
should exert a pressure. That the air does exert a pressure may be 

shown in a number of ways. If a glass 
tube be placed in a beaker of water and 
the air withdrawn out of the tube, the 
water rises. The ancients explained this 
by stating that “nature abhors a vacuum/” 
and so the water rushes in to fill the void. 
It was early found that water would only 
rise in such a tube to a height of about 32 
feet, and so a limit had to be put on 
Fig. 83 . — Simple Barometer nature’s abhorrence of a vacuum! The 

correct interpretation of the rise of a liquid 
in such a tube when the pressure is removed from above it was first 
made by the Italian physicist, Torricelli (1608-1647). He took a glass 
tube, about 33 inches long and closed at one end, filled it with mercury 
and, putting his finger over the open end, inverted it in a cup of 
mercury (Fig. 83). The level of the mercury fell to a height of about 
30 inches. He thus deduced, in 1643, that the pressure of the air 
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was just sufficient to support a column of mercury about 30 inches 
hio-h: even when the glass tube is inclined at different angles, as 
diown in Fig. 83, the level of the mercury remains the same. The 
space in the tube above the column is called a Torricellian vacuum. 
The height of this column H is an indication of the pressure due to 
ihe atmosphere, and such an instrument for meas¬ 
uring the atmospheric pressure is called a barometer. 

Another simple way of showing that the atmos¬ 
phere exerts a pressure is to place a small rubber 
balloon A (Fig. 84) containing a little air under the 
glass jar of a vacuum table, which is connected to a 
vacuum pump by means of which the air may be 
exhausted. On withdrawing the air, the balloon will Fig> 84 
expand, showing that the air pressure on the outside 
of the balloon has been reduced and so the inside pressure, being no 
longer balanced by the external atmospheric pressure, causes the 
balloon to expand to the spherical shape shown by the dotted line 
in Fig. 84. 

If two flasks A and C, connected by a glass tube B, be placed on a 
suitable table under a bell jar from which the air may be exhausted 
by a vacuum pump, then the liquid in the flask C which is tightly 
corked, as shown in Fig. 85, will be drawn over into the flask A 





Fig. 85 Fig. 86. — The Magdeburg 

Hemispheres 

when the pressure in the bell jar is reduced. The pressure of the air 
above the liquid in C will not be balanced by the pressure in the 
bell jar, which is reduced by the pump, and consequently it will force 
the liquid from C to A. 

Otto von Guericke was among the first to demonstrate the existence 
of the atmospheric pressure in a very striking manner by means of the 
Magdeburg hemispheres. These are two metal hemispheres which 
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fit together so closely that they are airtight. Yon Guericke invented 
the air pump in 1650, and exhausted the air with his pump from 
the receiver formed of the two hemispheres (Fig. 86). When the 
pressure inside is thus reduced and the handles are screwed on the op- 
posite hemispheres, it is found that they cannot easily be pulled 
apart owing to the pressure of the atmosphere. On certain festive 
occasions, using large hemispheres 1.5 feet in diameter, teams of 
horses were unable to pull the evacuated hemispheres apart, indicat¬ 
ing the magnitude of the total pressure on the sphere due to the 
atmosphere. In one experiment it was found that eight horses, 



Fig. 87. — Otto von Guericke’s Experiment at Regensburg 


each pulling with a force of about 1600 pounds, were required to 
separate the spheres (Fig. 87). 

105. Boyle’s Law. The volume of any substance is changed when 
subjected to a change in pressure, but the alteration in volume of a 
solid or liquid is usually very small. In the case of a gas, however, 
an increase in pressure causes a considerable decrease in volume. If 
the gas is kept at constant temperature and is not near its liquefying 
temperature, the relation between the volume of a given mass of any 
gas and the pressure under which it exists follows a very simple law, 
first announced in 1662 by the English physicisf Boyle (1627-1691), 
and about 7 years later, independently, by Mariotte (died 1684) the 
French physicist. Boyle's law states that: 
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The volume of a given mass of gas at constant temperature varies in¬ 
versely as the pressure. 

Tliis law is found to be very nearly correct until gases are near the 
point where they liquefy when the departure from the law becomes 
considerable. This law means that a cubic foot of such a gas as air, 
under atmospheric pressure, would occupy \ cu. ft. at a pressure of 
two atmospheres, or 3 cu. ft. at a pressure of one third an atmosphere, 
the temperature remaining constant. 

The truth of Boyle’s law may be demonstrated experimentally 
w ith the apparatus shown in Fig. 88. A mass of dry air (or other 
gas) is enclosed in the uniform glass tube A B, the upper 
end of which is closed and the lower end connected by 
a rubber tube E to a glass reservoir CD, the reservoir 
and tube being filled with clean dry mercury. The 
reservoir CD may be raised or lowered and held in 
any position by a suitable clamp. The barometric 
pressure H, measured in centimeters of mercury, acts 
on the open surface C. To find the pressure on the 
gas in AB , the level h of the surface is read on the 
vertical scale FG, and the level of the mercury surface 
B, Ik, also is found. Then the pressure on the gas 
expressed in centimeters of mercury will be H + 

{h ~ h)- When h z is below h 2 , the quantity inside 
the brackets becomes negative, and the pressure will 
be less than H. The corresponding volume of the gas 
in AB is proportional to (hi — h 2 ) where hi is the level 
of the top of the tube AB. Taking a number of differ- Fig. 88.—Appa^ 
ent pressures, by altering the position of the reservoir ratus for Illus ~ 
and finding the corresponding volumes, it will be found 
that the values of the pressure X volume will be a con¬ 
stant if the temperature remains constant during the experiment. The 
results may be plotted graphically, as indicated in Fig. 89, and the 
resulting curve AB obtained. To make the truth of the law more 
evident, the reciprocal of the volume may be plotted against the pres¬ 
sure, the result being a straight line, as indicated in Fig. 89 by the 
line CD. For by Boyle's law P X V = h, where P is the pressure, 
7 the volume, and k the value of the product for the particular mass 
of gas at the particular temperature of the experiment. Then 



trating Boyle’s 
Law 


= V= k ’.V 
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which indicates that P is proportional to 1/F and the pressure varies 
as the density, if the temperature remains constant. 

Both Boyle’s law and Pascal’s law may be illustrated experi¬ 
mentally with a tall jar nearly full of water and a test tube. The 



Fig. . — Boyle’s Law. Graph Showing Relation between Pressure and Volume 
and Pressure against the Reciprocal of the Volume 

test tube is inverted and partially filled with water, so that the 
buoyancy of the enclosed air A (Fig. 90) is sufficient to make the tube 
just float. The top of the jar is covered with a rubber sheet B } 
which is made airtight. The test tube normally floats on the sur- 
p face. If the rubber is depressed with the hand, the 

volume of the air C becomes less with a correspond¬ 
ing rise in pressure according to Boyle's law. This 
pressure is transmitted according to Pascal's law 
through the liquid to the air A in the test tube, 
which thus becomes compressed. The decrease in 
the volume of the air in the tube reduces the 

_ buoyant force. If the buoyant force be reduced 

enough, it will not be sufficient to support the test 
tube which consequently sinks. 

Fig qo The test tube may be replaced by a hollow 

figure or water-imp with a hole at its lower end 
containing sufficient air to make it just float in the water. Such a 
figure is called a Cart esian div er. 

106. The Barometer. We have already described the simple form 
of mercury barometer made by Torricelli for measuring the pressure 
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of the atmosphere. The atmospheric pressure may be expressed 
in anv of the conventional units of force per unit area, such as dynes 
per square centimeter, or pounds weight per square inch, but it is 
more often expressed merely in terms of the height of the column of 
mercury which it will support. At sea level, the normal height is 
about 76 cm. or 30 inches. But the pressure at a given place will 
depend upon the mean density of the atmosphere, which changes 
with the amount of water vapor in the air, the temperature, and 
wind velocity. It was first proved that the pressure decreases with 
elevation by Pascal, who carried his barometer up a mountain and 
found that the height of the mercury column decreased. 

Thus the barometer may be used for measuring the al¬ 
titude, or as an altimeter, but in a form more convenient 
than that used by Pascal. 

There are various types of barometers, the liquid and 
the aneroid forms being the most common. Nearly any 
liquid might be used; but mercury, on account of its 
density, is the most satisfactory as requiring the shortest 
length of tube. The standard form of mercury barom¬ 
eter is that invented by Jean Fortin (1750-1831), 
shown diagrammatically in Fig. 91. The instrument 
consists of a glass tube AB about 35 inches long and J 
inch internal diameter, which is filled w r ith pure dry 
mercury and then inverted into a cup of mercury D . 

The bottom of the cup is a leather sack or bag, the 
base of which may be raised or lowered by the screw 
E . A glass cylinder F surrounds the lower part of the 
instrument. To the upper part of the metal frame is 
attached a metal scale G provided with a vernier, so 
that the level of the flat part of the surface of the mer¬ 
cury in C may be read accurately. The scale is gradu- cmy Barometer 
ated in both inches and centimeters from the point of 
an ivory cone H. To read the height of mercury corresponding to 
the atmospheric pressure, the level of the mercury in the reservoir is 
adjusted by the screw E until it touches the tip of the cone H. The 
vernier on G is now adjusted until the pointer is on a level with 
the surface of the mercury (7, and the barometric height is read off to 
the nearest hundredth of an inch or tenth millimeter from the scale. 

Since the length of the scale and the density of the mercury are 
both functions of the temperature, a thermometer is usually attached 
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to the instrument from which its temperature may be read when an 
observation is taken. 

The aneroid barometer is another common type of instrument for 
measuring atmospheric pressure. The essential parts of such a 
barometer are shown in Fig. 92. It consists of a corrugated metal 

chamber or box C from which the air is 
exhausted, the lower side of the box is 
fastened to the base of the instrument and 
the upper side supported by stout springs. 
Any variations in atmospheric pressure 
cause the top of the box to move in or 
out, depending on whether the pressure 
increases or decreases. This motion is 
magnified by a system of levers, ending 
in a pointer which moves on a calibrated scale, giving the pressure 
in centimeters or inches of mercury. Such a barometer may also be 
used when properly calibrated as an altimeter for indicating the 
height of a mountain or of an airplane. 

Perhaps the most widely known application of the barometer is its use 
in weather forecasting. The Meteorological Office, or Weather Bureau, 
is responsible for collecting observations made all over the country, 
both on land and water, of the barometric pressures, wind velocities 
and directions, temperatures, and local conditions of the weather at 
each of the government stations. This information is collected in 
the Central Office where daily “Weather maps” are made similar to 
that shown in Fig. 93. Places of equal pressures are joined together 
by curves called isobars. The centers of such curves are called 
“highs” or “lows” as the case may be. Owing to differences of 
pressure, large masses of air tend to move from the highs to the 
lows, but the effect of the rotation of the earth is to give this motion 
curved paths instead of straight paths as one might expect if the earth 
were at rest. An inspection of the map shows that the wind near 
the earth's surface follows a path almost tangential to the pressure 
curves, but slightly inwards for a low or “cyclone,” and somewhat 
outwards for a high or “anti-cyclone.” In the northern hemisphere 
the air circles out of the highs in a clockwise motion, as indicated by 
arrows giving the wind direction on the map (Fig. 93). South of 
the equator, the directions of these motions would be reversed. 
By utilizing the knowledge of temperatures and the movement of the 
air in the upper regions, as well as the conditions on the surface of 
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the earth, it is possible to make a fairly accurate scientific forecast 
of the weather in various parts of the country. When readings are 
made only once or twice a day at points widely separated, it is merely 
possible to give a regional forecast covering a large area in which 
there may be local disturbances not accounted for. It is popularly 
supposed that a falling barometer forecasts rain. This does not 
always follow, for rain is caused in many ways — as when warm 
saturated air is cooled either by meeting cold air from the north, or 
by expanding when it rises to higher altitudes. The science of 
meteorology is an important one, supplying necessary information 
for aeronautics, besides helping the farmer and others. 

107. Pressure Gauges. It is often necessary to measure pressures, 
both large and small. For this purpose many types of instruments 
called gauges, or manometers, have been designed. We shall con¬ 
sider only two or three of the simpler types. For pressures ranging 
from a few pounds to several thousand pounds per square inch, the 
Bourdon gauge is the most usual. It consists of a flattened tube 
bent into the form of a circle AB, as shown in Fig. 94, the end B 

being closed, and A connected to the source 
of pressure. The effect of increasing the 
pressure is to straighten out the curve AB. 
As B moves out it moves the lever CD, 
which in turn rotates the cogwheel E and 
pointer F along the scale IiG , which is cali¬ 
brated to read pressures. This type of 
gauge is commonly used for measuring 
water pressures and the steam pressures in 
boilers. 

For more moderate pressures, from a few 
millimeters of mercury to an atmosphere, 
the type of gauge shown in Fig. 95 may be 
used. A glass tube, ABCD , is nearly filled 
with mercury, the portion CD above the 
mercury containing no air or gas other than 
that due to the vapor pressure of mercury. A scale EB is fitted to 
the tube and F attached to the source of pressure to be measured. 
The difference in level between A and C, read from the scale, gives the 
pressure in centimeters of mercury. If some light oil, like “nujol,” 
with low vapor pressure, be substituted for the mercury, such a gauge 
may be used to measure still smaller pressures, and because the density 



Fig. 94. — A Bourdon Pres¬ 
sure Gauge 
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of the oil is less than that of mercury, a greater difference in level is 
caused by a given pressure. 

By having D (Fig. 95) open instead of closed, the manometer 
may also be used to measure small pressures greater or less than an 
atmosphere. If F is attached to an illuminating gas jet, and water 
is used as the liquid in the gauge, the difference in level between 
A and C will amount to only a few centimeters, indicating the excess 
pressure of the gas supply above atmospheric. 

Pressures are often measured in terms of a unit called one bar, 
which is equivalent to a pressure of 10 6 dynes/cm. 2 The bar = 0.987 
atmosphere = 1/1.013 atmosphere and equals the pressure measured 


H 

u 


Fig. 96. — A Siphon 

by 750.15 mm. of mercury at 0° C., at sea level and latitude 45°. 
The microbar, equivalent to 10~ 6 bar, is a convenient unit for measur¬ 
ing low pressures such as those used in vacuum tubes. 

108. Pumps. The common siphon is a form of pump, which oper¬ 
ates automatically once it is started, and which is used for transfer¬ 
ring liquids from one level to another. The principle on which the 
siphon works may be illustrated by the apparatus shown in Fig. 96. 
A tube bent in the shape ABCD is filled with liquid, by reducing 
the pressure at D or otherwise, and inserted so its upper end A is 
below the surface of the liquid in the vessel E, and the lower end in a 
. vessel F, or it may be open to the air. The liquid will be transferred 
from E to F, running up AB and down CD. The action of the siphon 
may be explained as follows. Suppose the liquid in the siphon be at 
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rest, which condition may be produced by placing a finger over the 
end of the tube in F. Then the pressure at C in the liquid will be 
equal to that at A, which is the atmospheric pressure H, since A and 
C are on the same level. The pressure inside the tube at D will be 
greater than atmospheric by an amount due to the weight of a ver¬ 
tical col umn of the liquid of height CDorh. Since the pressure out¬ 
side the tube at D is atmospheric, the downward force of the liquid is 
greater than the upward force and consequently the liquid will run 
out into F when the finger is removed. This causes a reduction in 
pressure at B and the pressure H at A pushes the liquid up to B. 
The siphon will continue to run until the level of the surface in the 
two vessels becomes the same. It will be noted that if the vertical 
height AB of the liquid produces a downward pressure greater than 
atmospheric pressure, the siphon will not operate since the liquid 
cannot be raised to B by the atmospheric pressure. Siphons are 
used for many purposes, such as transferring 
- molten lead from vats to molds in foundries, 

e - an( j wa ter from lakes over low hills to cities 

( J } _ JL below the level of the lake. 

jggg An intermittent form of siphon is used in 

flushing tanks and occurs sometimes in nat- 
A B ural springs. The liquid slowly entering a 

d vessel AB (Fig. 97) through the pipe G can- 

FlG * 97 * *^i^hon Intermittent n0t run 0Ut ^ e * eve * reac ^ es EFi and 
the large siphon CD becomes filled. It will 
then rapidly empty the tank to the level of the opening C, when 
air will enter replacing the water, and the action of the siphon will 
cease. After a period, which depends upon the rate of flow into the 
tank through G, the vessel AB again becomes filled, and the opera¬ 
tion is repeated. 

A simple type of pump is the common lift pump. The principle of 
this pump is shown in Fig. 98. It consists of the cylinder of the pump 
CD, in which a piston AB fits tightly. AB is attached to the handle 
EG of the pump, which acts as a lever with fulcrum at F. The lower 
end of the cylinder CD is connected by a pipe to the source H of 
water to be lifted, the level of which must not be more than the height 
of a water barometer (about 30 feet at sea level) below the end C. 
There are two valves in the pump, one illustrated diagrammatically 
by Vi at the bottom of the cylinder, and the other V 2 in the piston. 
On the upward stroke of the piston, the decrease in pressure in 
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ABC, due to the increase in volume, closes the valve F 2 and opens 
the valve Fi. The atmospheric pressure drives the water from 
H up into the cylinder until the top of the stroke is reached, which 
is below D. On the downward stroke Fi closes, and F 2 is opened 
by the increase in pressure in ABC, the water passing through Fa. 
On the next upward stroke the water above AB is lifted up and 
flows out the spout of the pump, more water entering ABC through 
the valve Fi, as already described. In actual lift pumps the valves 
consist of rubber or leather washers and, when dry, do not make air¬ 
tight joints; hence the pump usually has to be “primed” to make it 



H 

Fig. 98. — A Lift Pump 



operate properly when first used. This is accomplished by pouring 
some water on the top of A B to wet the valves. 

The force pump differs a little from the lift pump, in that the water 
is forced up, as well as lifted. A simple type of such a pump is 
illustrated in Fig. 99. The piston AB has no valve, but is moved 
up and down in the cylinder ABC by the handle GFE. The lower 
end of the cylinder is connected to the source of water H by a pipe, 
and again the level of water in H must be within 30 feet vertically of 
the valve V\. A valve 7 2 which operates outwardly is placed at D, 
as indicated. The outlet for the water is the tube DJ , to which is 
attached a closed reservoir K. On the upward stroke of the piston 
the valve Vi opens, 7 2 closes, and the atmospheric pressure drives the 
water from H into the cylinder BC . On the downward stroke, Vi 
closes and the water is forced through 7 2 along the tube /, which has 
usually a small opening. As the water cannot escape with sufficient 
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rapidity from /, part of it is driven into the reservoir K , where the 
air is compressed. On the succeeding upward stroke of the piston, 
y 2 closes, and the air now expanding in K continues to drive the 
water from the reservoir, out of the nozzle J, thus giving a continuous 
stream of water. With the aid of such a pump, often made double 
acting , which means that the handle G operates in reality two such 
pumps, water may be forced to considerable heights. Force pumps 
are used in fire engines, and for pumping water to the tops of high 
buildings. 

109. Hydrodynamics, or Fluids in Motion. So far some of the 
properties of fluids at rest have been discussed; now fluids in motion 

will be considered briefly. The simplest 
case of fluid in motion is water running 
out of a tap. The velocity of the water 
will depend upon the pressure. This may 
be illustrated by a tall jar, filled with water 
(Fig. 100) and provided with a number of 
jets at different heights. The water flow¬ 
ing from these jets is projected to different 
horizontal distances, the path of each jet of 
water being a parabola, like that of any 
body projected at an angle and falling 
under the action of gravity. The lower 
jets project with a higher velocity. The 
velocity may be found approximately as 
follows. Suppose the. jet A is h centimeters below the surface. The 
potential energy of a mass M grams of water at B is Mgh } and this 
energy is converted into kinetic energy at A , \ MV 2 , where V centi¬ 
meters per second is the velocity of exit at A. Hence 

Mgh = \MV* 

" " 

where P is the pressure at A and d the density of the fluid. This 
assumes no loss by friction, viscosity, or other factors. 

110. Bernoulli’s Principle. Suppose we have a vessel like that 
shown in Fig. 101 at the bottom of which is a long uniform narrow 
tube, with several manometers attached to it. When the end C is 
closed, the level of the water in each manometer D, E, and F will be 
the same as the level A in the jar. But if the end C is open, then the 
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pressure decreases uniformly from left to right, as indicated by the 
levels at D, E, and F, as the force to overcome viscosity becomes 
uniformly less. Let now an enlargement be made in the tube BC 
at J, and a constriction in the tube at H, as shown in Pig 102 
Then the pressure instead of decreasing uniformly from B to C will 
be less than normal at E and greater at F. It will be noted that 
in this case the velocity of the water in the narrow portion H is 
greater than in the wider portion I. This is a particular illustration 
of a general theorem first enunciated by the Swiss mathematician 
Daniel Bernoulli (1700-1782). The path traced out by any par¬ 



ticular particle in a fluid flowing with steady motion without tur¬ 
bulence is called a stream line. Along any stream line the sum of 
the pressure and kinetic and potential energies per unit volume is 
constant. Hence in an incompressible liquid of density d 
Pa +1 d ■ Va? + d ■ g ■ ha = Pt, + i d ■ v b 2 + d ■ g • h b = constant 

where the subscripts refer to two points a and b in the stream line 
Bernoulli’s principle however states that, provided the potential 
energy is unchanged: 

Along a stream line the pressure is greatest where the velocity is least 
and conversely. ’ 

111. Applications of Bernoulli’s Principle. This principle may be 
used to explain in a qualitative manner many familiar phenomena. 
For example, if a baseball is thrown with a forward Velocity V and 
with a spin v on it, as shown in Fig. 103, the air will be assisted over 
the surface of the ball at B and will be retarded at A. Thus the ve¬ 
locity at A is less than at B, and hence by Bernoulli’s principle the 
pressure at A is greater than at B, and so the ball is pushed towards 
B and takes the curve OC. In other words, a spinning ball follows its 
nose, the nose being the most forward part of the ball. This explains 
also the “slice” and “pull” in golf. If a jet of air be held vertical, 
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or even at a considerable angle, as shown in Fig. 104, the velocity of 
the air at B is greater than at A. and so, if the hall tends to move 
away from B : the increase in pressure on the side A. is greater than on 
B which tends to push the ball back into the center of the stream. 
Another example is illustrated in Fig. 105: the faster the air is blown 
through C, the less the pressure at C and the greater the force press- 


B 



Fig. 103 Fig. 104 


ing AB up against the upper plate. The air spreads between the 
two circular plates and the velocity diminishes at D, while at E on the 
lower side of AB it is zero. Hence the pressure at E is greater than 
at C, and so considerable lift is exerted on AB. This same principle 
explains the lift exerted on airplanes; the air passes with high ve¬ 
locity over the top of the wings and less velocity below, producing 



thus a vertical upward lift which will be greater, the faster the plane 
moves. The pressure above the wing is less than atmospheric, pro¬ 
ducing an upward pull, and the pressure below the wing is greater 
than atmospheric creating also an upward push. The sum of these 
two forces gives the resultant lift on the plane. 

The common filter pump is illustrated in Fig. 106. At the con¬ 
striction A the velocity of the water will be high, and so the pressure 
will be low, Hence a T-tube, joined at A and attached to a vessel B, 
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will exhaust vessel B, since the pressure at A is less than in B, and 
the air moves from B to A where it becomes entrapped in the water 
and carried down and out at C. 

In the Venturi water meter Bernoulli’s principle is applied to 
determine the velocity of flow of water through pipes. A diagram of 
the essential parts is shown in Fig. 107. The water passes from A 
through a constricted part of the 


tube or throat B, and then on to 
C. In the wide part A, four 
small holes are made and this 
portion of the tube is surrounded 
by a hollow casing which is con¬ 
nected with one limb D of the 
manometer BE. An annular 



Fig. 107. — Venturi Water Meter 


hollow ring is likewise sealed around the constriction B with a similar 
set of small openings. This space is joined to the other limb E of the 
manometer. Since all the water which passes through A must also 


pass through B, the velocity at B will be greater than at A . Hence the 
pressure at B will be less than the pressure at A. This difference in 
pressure is read from the difference in level of the liquid surfaces 
D and E in the two limbs of the manometer. The velocity of the 


water at A may be deduced from the difference in pressure indicated 
on the manometer when the areas of the cross section of the tube at 


A and B are known. Such 



Fig. 108. — An Air-Speed Indicator 


meters are used for determining 
the quantity of water delivered 
through the large pipes or mains 
of a city’s water supply, when 
millions of gallons per day are to 
be measured. 

Air-speed indicators used on 
airplanes involve a simple appli¬ 
cation of Bernoulli’s principle. 
One type of such instrument 
consists of two parts, the 
“Pitot” tube and the “static” 


tube, which may be arranged in a single unit fastened to a strut of 
the airplane wing exposed to the true relative wind caused by the 


motion of the plane. The structures of the Pi 


are shown in Fig. 108. 
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A small tube about f inch in diameter AB is open at the end A 
which faces the front of the airplane, and is called the pressure or 
Pitot tube. This is surrounded by the concentric static tube CD 
closed at the end A. The static tube has a number of openings EE 
arranged in a ring round its surface, so that the air passing tan¬ 
gentially over its surface causes a diminished pressure in CD. The 
pressure in AB due to the motion of the airplane is greater than the 
normal value when the plane is at rest. CD is connected to G and 
AB to F and these two tubes are joined to a differential pressure gauge 
in the cockpit. The greater the velocity of the airplane the greater 
will be the difference in pressure, and the gauge may be calibrated to 
read directly the velocity of the airplane. 


PROBLEMS 

1. A stone weighs 310 gm. in air and 210 gm. when totally immersed in 

water. What is its density? ( 3.1 gm./cm. 3 ) 

2. The pressure on a closed water tap is 80 lb. per iilch 2 . If the pressure is 

caused by water in a reservoir, find the height of the surface of the water in 
the reservoir above the tap. (184.3 ft.) 

^ 3. The retaining wall of a dam is 40 ft. long and the water is 30 ft. deep. 
Find the total pressure on the retaining wall due to the water. 

(562 tons) 

A rectangular vessel, area of base 4 X 10 cm. 2 and height 30 cm. has 
a layer of mercury in the bottom 5 cm. thick. Water is added until there 
are 10 cm. of water on top of the mercury and then 15 cm. of oil of density 
0.8 gm./cm. 3 are poured on top of the water. Find (a) the weight of liquid 
in the vessel, (6) the resultant total force on the largest side. 

(cl = 3.6 kg; b = 5.4 kg.) 

5. A Zeppelin airship has a gas bag with a volume of approximately 2 

million cu. ft. which is filled with hydrogen of density 0.005 lb./ft. 3 If 
the density of air under normal conditions is 0.076 lb./ft. 3 , what is the gross 
lifting capacity of the Zeppelin? (71 tons) 

6. A young man finds that he can just float in water, only the tip of his 
nose being above the surface. If he weighs 150 lb., what is his volume? 

(2.40 cu. ft.) 

x 7. A stone has an apparent weight of 273 gm. when totally immersed in 
water and 303 gm. when totally immersed in oil of density 0.80 gm./cm. 3 
Find the density of the stone. (2.82 gm/cm. 3 ) 

8. A piece of metal of density 7.8 gm/cm. 3 weighs 429 gm. when immersed 
completely in nitro-benzene of density 1.2 gm./cm. 3 What is the volume of 
the metal? (65 cm<3 ) 
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9. The density of ice is 0.90 gm./cm. 3 What will be the depth under 
sea water of specific gravity 1.03 of a uniform block of ice which floats with 
2 meters above the surface? (1385 C m.) 

\ 10. A uniform rod of wood 20 inches long is used as a hydrometer. When 
held by guides so as to float vertically in water, 6 inches remain above the 
surface. What is the specific gravity of the wood and what length would 
remain above the surface when it floats vertically in oil of specific gravity 
0.92? (0.7; 4.78 inches) 

11. Sir Humphrey Davy recommended that bronze should be an alloy 

consisting of 10 parts of copper to 1 part of tin by weight. If the specific 
gravities of copper and tin are 8.9 and 7.3 respectively, what will be the 
specific gravity of bronze? (8.7) t 

12. A U-tube with vertical arms is used to measure the density of glycerine. 

Mercury of known density 13.6 gm./cm. 3 is poured into the tube, and a 
column of glycerine added to one arm until its length is 40 cm. long. What 
will be the level of the mercury surface in the other arm above the interface 
of the two liquids? (3.7 cm.) 

13. Hare’s apparatus is used to compare the density of a solution of 
copper sulphate and pure water* The length of column above the water is 

25.5 cm. and the length of solution is 25 cm. What is the density of the 

solution? (1.02 gm./cm. 3 ) 

14. A glass sphere used for finding the density of gases weighs 135.50 gm., 

and its volume is two liters. When completely evacuated, it is found to 
weigh only 132.92 gm. WTiat is the density of air under the conditions of 
the experiment? (0.00129 gm./cm. 3 ) 

15. A hollow metal sphere containing air at 1 atmosphere pressure has a 
volume of 2.5 liters and is balanced on one arm of a chemical balance by 
weights in the pan attached to the other arm. When filled with air at a 
pressure of 50 atmospheres, the sphere is found to weigh 158.39 gm. more. 
What is the density of air at atmospheric pressure? (1.293 gm./liter) 

/ 16. An iron ball of density 7.8 gm./cm. 3 floats on mercury of density 

13.6 gm/cm. 3 What fraction of the volume of the ball is above the surface 

of the mercury? (0.427) 

17. A piece of wood of density 0.70 gm./cm. 3 floats on water. Oil is 

added to the top of the water until the wood is totally immersed. If the 
density of the oil is 0.60 gm/cm. 3 , find the ratio of the volume in the oil to 
the volume in the water. (3:1) 

18. A specific gravity bottle weighs 103.2 gm. when empty and holds 

100 gm. of water exactly. Some broken pieces of amethyst are put into 
the bottle and the weight of bottle and amethyst is 209.2 gm. The remaining 
space is filled with water and the bottle weighed again, its weight found to 
be 269.2 gm. Find the specific gravity of amethyst. (2.65) 

19. A specific gravity bottle weighs 48.31 gm. empty and 112.96 gm. 
when filled with carbon bisulphide. When the. carbon bisulphide is re- 
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placed by olive oil of density 0.92 gm./cm. 3 , the bottle weighs 94.31 gm. 
Find the density of carbon bisulphide. (1.293 gm./cm. 3 ) 

20. A Nicolson’s hydrometer weighs 56 gm. A small stone is placed on 

the upper platform and 12.4 gm. is required to make the hydrometer sink 
in water to the mark on the stem and 22.4 gm. when the stone is on the 
lower platform under the water. If it requires 44.5 gm. on the upper table 
to make the hydrometer sink to the same level without the stone, find the 
specific gravity of the stone. (3.21) 

21. A hydrostatic press like that shown in Fig. 73 is used to multiply 

pressure. If the radii of the cross section of the cylinders A and B are 1.2 cm. 
and 30 cm. respectively, what total weight can be lifted on B by a weight of 
4 kg. on A? (2500 kg.) 

22. A hydraulic elevator is raised on the top of a steel rod 1 foot in 
diameter which fits into a cylinder in the ground at the foot of an elevator 
shaft. The elevator is raised by the water from a city reservoir. If the 
maximum load the elevator can lift is 5 tons and the 1 elevator and plunger 
weigh 1.48 tons, what is the water pressure in the supply pipe? 

(114.6 lb./inch 2 ) 

23. The cylinders of a locomotive are 15 inches in diameter and the steam 
pressure 225 lb./inch 2 . If the piston rod is 3 inches in diameter, what 
maximum force does it exert per square inch of its cross section? 

(2.8 tons) 

24. The distance between the marks on the uniform stem of a hydrometer 

representing specific gravities of 0.8 and 1.2 respectively is 6 inches. What 
length of stem represents the volume of that part of the hydrometer below 
the 1.2 mark? (12 inches) 

25. The volume of the bulb and part of the uniform stem below the read¬ 

ing 1.00 of a constant weight hydrometer is equivalent to 21 cm. of the stem. 
If only 9 cm. of the stem are calibrated for reading specific gravities less 
than unity, find the density of the liquid in which the hydrometer floats at 
its uppermost mark. (0.70 gm./cm. 3 ) 

26. What weight of brass of density 9.8 gm./cm. 3 must be attached by a 

thin thread to 3 cm. 3 of gold, so that the top of the brass will just float below 
the surface of mercury of density 13.6 gm/cm. 3 , taking the density of gold 
as 19.3 gm./cm. 3 ? ( 44.1 gm .) 

27. The gas bag of Picard’s balloon had a volume of half a million cubic 

feet when he was in the stratosphere at a height of 10.97 miles. If the 
weight of hydrogen in the bag was 500 lb. and the mean density of the air 
at the maximum height was 0.0070 lb./ft. 3 , what was the total weight of the 
bag, gondola, instruments, and the two men? (3000 lb.) 

28. A beaker of water is balanced on one pan of a druggist’s balance by 

weights placed on the other pan. A 100-gm. wt. of brass is lowered into the 
water by a thread so as to be totally immersed. What weight must be added 
to the other pan to restore equilibrium? (11.9 g m .) 
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29. A block of wood, specific gravity 0.60, weighs 100 gm. against brass 
weights of density 8.4 gm./crn. 3 If the density of the air is 0.0012 gm./cm. 3 , 
find the true weight of the wooden block. (100.19 gm.) 

v/30. A long glass capillary tube, closed at one end, contains dry air and 
a length of mercury 1.5 cm. long encloses the air acting as a piston. When 
the tube is held vertically with the closed end down, the length of the air 
column is 37.0 cm. long. When inverted the mercury piston drops until 
the length of air is 38.5 cm. Find the barometric pressure. 

(75.5 cm. of mercury) 

31. A steel piston, weight 5 lb., encloses some dry air in a cylinder. If 

the atmospheric pressure is 15 lb./inch 2 find the ratio of the volume of the 
air when the weight of the piston compresses the air to the volume when it 
distends it, neglecting any friction, the area of cross section of the cylinder 
being 2 square inches. * (5:7) 

32. A vertical cylinder, area of cross section 3 sq. cm., 20 cm. long con¬ 
tains dry air at atmospheric pressure, 10 3 gm./cm. 2 A piston weighing 150 
gm., which just fits the cylinder, is inserted in the top. Find how far from 
the bottom the lower end of the piston will come to rest. (19.05 cm.) 

33. A soap bubble 4 inches in diameter is filled with coal gas and air so 

it just floats in air. If the density of the gas mixture in the bubble is 0.015 
lb./ft. 3 and of air 0.075 at the same temperature, find the weight of soap so¬ 
lution in the bubble. (0.019 o z.) 

34. In constructing a simple barometer, mercury was poured into a 

glass tube until a length of 3.0 cm. of air at atmospheric pressure was left. 
The tube was inverted in a dish of mercury, the height of the column re¬ 
maining at 432 mm. and the length of air above the column in the tube was 
7.0 cm. Find the atmospheric pressure. (756 mm. of mercury) 

35. How far below the level of the water in the upper cistern must the 

lower opening of a siphon be in order that 10 liters per minute will flow out, 
the cross section of the tube being 0.5 cm. 2 ? (56.75 cm.) 

36. A siphon is used to transfer lead from a cauldron to a mold. What is 

the maximum height of the rim of the cauldron above the level of the lead 
if the density of lead is 11.2 gm./cm. 3 and the atmospheric pressure is 76.2 cm. 
ofmercury? (92.53 cm.) 

v 37. The height of the Torricellian vacuum in a barometer is 3 inches. 
When the instrument indicates a pressure of 29.5 inches, a true barometer 
is at 30.0 inches, show that the correct reading corresponding to a faulty 
reading h is 


38. Dr. Beebe descended in his bathysphere to a depth of 3028 feet in 
sea water off Bermuda on August 15, 1934. If the density of sea water 
be taken as 64.68 lb./ft. 3 , find the pressure on the sphere at this depth due 
to the water. (1360 lb./inch 2 ) 



CHAPTER V 

PROPERTIES OF FLUIDS 

112. Molecular Theory. In discussing the properties of fluids it is 
usual to consider more carefully the question of the structure of 
matter and to introduce the hypothesis that matter is made up of 
discrete particles called molecules and atoms. While this general 
idea was introduced by the Greek philosophers as a pure speculation, 
modern experimental methods commencing with the work of the 
chemist Dalton (1766-1844) have given a sound basis for the present 
point of view. The molecules of any substance are the smallest 
portion of that substance which can exist and still possess the chemi¬ 
cal properties of the bulk material. These molecules may consist of 
separate parts, called atoms, combined together in definite pro¬ 
portions. The atoms, as the name implies, are the elementary units 
of matter, and it has been found that all known substances consist of 
various combinations of about 92 different kinds of atoms, called 
elements, which have definite chemical properties. The atoms of 
these elements have different masses. The results of modern re¬ 
searches by physicists and chemists have shown that the atom itself 
is a complex unit, mostly electrical in nature, which will be discussed 
in Chapters VI and XX. For the present it is only necessary to 
consider matter as consisting of discrete molecules and atoms which 
are in a state of agitation, which increases as the temperature rises. 
There are forces acting between the various molecules of a substance 
which vary with the physical state and chemical nature of the 
molecules. Such intermolecular forces are less evident and possibly 
more simple when the substance is in the state of a gas than when in 
the state of a liquid or solid. In this chapter, a few examples of the 
experimental evidence for the presence of intermolecular forces and 
the motion of the molecules and atoms of a substance are given, 
without however deducing any definite structure of the substance 
from the results. 

113. Surface Tension. If a clean, wet, glass tube, having a fine 
capillary or “hair-like” bore, is placed vertically in a dish of water, 
the water in the tube will rise above the surface of the water in the 
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dish to a height which varies inversely with the radius of the tube. 
This effect, which appears contrary to the principles of hydrostatics, 
is called capillarity and is said to be due to surface tension. If a 
dry glass tube be placed upright in clean mercury, the level of the mer¬ 
cury inside the tube will be depressed. A liquid flowing slowly from 
the bottom of a narrow vertical tube forms drops which tend to re¬ 
main spherical like a soap bubble. Again, a drop of oil falling on 
the surface of water spreads, while mercury on glass gathers into 
little spherical drops. Such phenomena, which occur frequently in 
nature and industry, may be explained on the hypothesis of surface 
tension. 

The free surface of a liquid behaves as if it were under tension 
like an elastic membrane of constant strength. The value of the 
surface tension T between any two materials is equivalent to the force, 
measured in dynes or gm . wt, required to break an interface 1 cm. 
wide . It will be seen later how this may be determined experi¬ 
mentally. Owing to this tension (T dynes/cm.) there will be a 
certain amount of potential energy stored in the surface of any 
liquid. This energy may be expressed in ergs/cm. 2 , and will de¬ 
pend upon the nature of the two surfaces in contact. Since potential 
energy tends to become a minimum, it follows that the area of any 
such surface will tend to become as small as possible for the quantity 
of matter it envelops. Hence a liquid free from other forces, such 
as gravitational attraction, would take a spherical form to reduce 
the area to a minimum. When a drop of oil is placed on water, we 
have three surface tensions present; oil-air, water-air, and water-oil. 
If by the oil spreading on the water and reducing the area of the 
water-air surface, but increasing the oil-air and oil-water surfaces, 
the resultant total surface energy is less, then the oil will spread on 
the water. Thus the fact that one liquid spreads 
on another is a matter of energy considerations. 

A few simple experiments will illustrate the 
principles of surface tension phenomena. 

114. Examples of Surface Tension. If a paint 
brush be dipped into water, the hairs below the 
surface can be freely moved about, Fig. 109 (a), ^ ^ 

just as they can when dry in air. On removing Fig> 109 
the brush from the water, however, the wet hairs 
will all be drawn together as if surrounded by an elastic skin, Fig. 
109 (6). Likewise when a man dives below the surface of water, it 
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is easy for him to open his eyes and to move the hairs on his head, 
but on coming into the air, the hair and eyelashes are held together by 
the film of water which tends to make the area 
of surface a minimum. When colored aniline 
is introduced slowly into warm water of the 
same density (to reduce the effect of gravity) 
a large spherical drop will be formed. In Fig. 
110 there is photographed a drop of aniline 
floating in water on denser sea water. It will 
be noted that it has an interesting oval form 
distorted by its own weight. Rain and dew- 
drops when small are nearly spherical, but 
they too are frequently modified in shape by 
their own weight. 

The presence of surface tension may be 
demonstrated by floating a dry needle on the 
surface of water, or again with a sieve, full of small holes, which also 
will float, because the surface tension is sufficient to prevent the 
water entering the holes. A hydrometer provided 
with a wire ring (Fig. Ill), which normally 
floats with the ring and two thirds of the stem 
above the surface, may be held below the surface 
by the surface tension of the water. If lycopodium 
powder be sprinkled on the surface of water, it 
will be held up by the surface tension. A drop 
of oil or amyl alcohol, falling on the center of 
the dish, will lower the surface tension and the 
water will be carried to the edges, taking with it 
the powder (Fig. 112). This is somewhat like 
the action of a stretched rubber drum when punc¬ 
tured in the middle; the elastic forces of the 
membrane will tear a large hole. A drop of 
alcohol on the surface of the water in the hydrometer experiment 
will lower the strength of the surface tension so that it can no 
longer hold the hydrometer down against the buoyant force and 
the hydrometer will rise to the surface. The surface tension of cam¬ 
phor solution is less than that of water, so pieces of clean camphor 
when placed on clean water dissolve in an irregular fashion causing 
a decrease in the surface tension at various points. The result will 
be a pull first one way and then another, and the camphor will be 




Fig. 110. — Drop of Ani¬ 
line Floating with Salt 
Water Beneath and 
Fresh Water Above 
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drawn around with a very interesting motion which persists until the 
surface becomes entirely contaminated with the camphor. Grease 
or oil in minute quantities will prevent the above action. 

The properties of surface tension may be shown very simply with 
soap films. Take a metal ring, tie a piece of cotton thread loosely 
across a diameter, and dip the ring in a soap solution. On with- 


Fig. 112 Fig. 113 

drawing the ring a film will form over the area enclosed by the ring, 
and the thread will float between the two surfaces of the solution. 
On puncturing the films on one side of the thread with a hot needle, 
the thread will be drawn into an arc of a circle (Fig. 113), proving 
the constancy of the strength of the film and 
also indicating that the surface tension acts 
normally to the boundary. By using a loop 
of cotton tied in the middle and puncturing 
the film inside the loop, the remaining film 
will draw the loop into a circle (Fig. 114), 
illustrating again the same facts in a striking 
way. If a soap bubble be blown with an or¬ 
dinary clay bubble pipe using a little smoke with the air, it will be 
found that the bubble will contract on holding the pipe free in the air 
proving that the tension of the film drives the air and smoke out, 
as may be seen by the stream of smoke issuing from the stem of the 
pipe (Fig. 115). 

115. Measurement of Surface Tension. There are three simple 
ways of finding the value of the surface tension of a liquid: (1) by 
the rise of a liquid in a capillary tube, (2) by finding the weight of the 
drops formed at the end of a capillary tube, and (3) by finding 
the excess pressure inside a bubble of known radius. 

(1) Let a capillary tube of radius r cm. be placed vertically in a 
liquid, and after wetting the tube, suppose the liquid rises to a 
height h cm. in the tube above the level of the liquid out- 
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side (Fig. 116). The liquid in general makes a definite angle t 
with the walls of the tube, called the angle of contact. Owing to the 
surface tension T (measured in dyne/cm.) there will be a force ex¬ 



erted around the circumference 2 wr at an angle 
6 equal to 2 ttT dynes. The vertical component 
of this force = 2 ttT cos 0, and is balanced by 
the weight of the liquid in the tube, rrVidg dynes 
where d is the density of the liquid and g the 
acceleration due to gravity. Hence 


2 wrT cos 6 = wr^hda 



In the case of water the angle of contact with 
glass is practically zero, so that cos 6 = 1. Some 
liquids, such as mercury, are depressed an 
amount h cm., and the same formula holds, the 
angle of contact for mercury being about 40°. 

When two parallel plates of glass (Fig. 117) separated a small 
distance a cm., are placed vertically into a dish of liquid, the liquid 
rises between the plates. The height, 
h cm., to which the liquid rises above 
the level of the surface in the dish 
may be found as follows. 

Let l cm. be the width of the 
plates, T the surface tension of the 
liquid in dyne/cm., d the density and 
6 the angle of contact. The vertical 
component of the surface tension will 
be 2 Tl cos 6 dynes. This force sup¬ 
ports the weight of liquid between the plates which is lahdg dynes. 
Hence 




lahdg = 2 Tl cos 6 


By using a glass vessel with a triangular cross section and placing 
a little mercury in it, the surface of the mercury will be depressed 
most at the end where the two sides meet, since at this point the 
separation a is a minimum, The width apart of the vertical sides 
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water 


mercury 


Fig. 118 


varies directly as the distance from the edge A (Fig. 118). Hence 
from equation (1) the amount h of depression will vary inversely as 
the distance from A, a vertical section of the surface of the mercury 
being therefore a rectangular hyperbola. If water were used, the 
water would rise in a curve that would also 
be a hyperbola, as shown in Fig. 118. 

(2) If a liquid be allowed to drop slowly 
from a fine capillary tube, the drop will 
form a narrow neck just before it separates 

(Fig. 119)- By catching a given number 
of drops in a vessel and weighing the 
amount of liquid which is collected, the 
average mass, M gm., of a single drop is 

found. It has been found by experiment that the weight 
of the drop is directly proportional to the surface tension 
T, and to the radius of the tube r. This relation may be 
expressed by the equation: 

Weight of a drop = krT 

where Jb is a numerical constant depending upon the 
nature of the liquid, but may be taken as 3.8 for most 
cases, if the weight be expressed in dynes, the radius in 
cm., and the surface tension in dynes per cm. 

(3) Some solutions, like that of soap and water, may 
be blown in the form of bubbles. There will be an excess 
pressure P dyne/cm. 2 inside the bubble over the atmos¬ 
pheric pressure outside. This may be calculated in terms 
of the radius r cm. of the bubble and the sur¬ 
face tension T dyne/cm. of the solution. Con¬ 
sider the bubble in Fig. 120. The total pressure 
outward on the inside of the upper half of the 
bubble will have a vertical component upward 
equal to the pressure across the diametrical 
plane and will be equal to rP-P dynes This 
is balanced by the surface tension of the two 
films, ope outside and the other inside, the 

space between being filled with the S0 ^“’ Since the thickness 
artlns mmd the deference of to hove » 

of the liquid is very small, we may suppose 

di 


Fig. 119 



'' ' j/A-J 



Fig. 120 
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Hence 


2 nr- 2 T = irr 2 P 


or 



The excess pressure inside a bubble will thus be greater, the smaller 
the radius of the bubble. In the case of a drop, we have no film 
inside and the excess pressure will be 

2 T "\ ; 


r / 

The truth of this relation may be shown qualitatively by blowing 
a large soap bubble on one tube and a small one on another, and then 
connecting the two tubes together (Fig. 121). It will be found that 
the smaller one A contracts and the larger one B expands, proving 




Fig. 122 


that the excess pressure in the smaller is greater than in the larger 
and produces a transference of air from the smaller to the larger. By 
using drops of ani l ine in water and performing a similar experiment, 
the anilin e from the smaller drop will pass over into the larger. 

The potential energy in unit area of the surface of a liquid may 
be shown to be equal in magnitude to the surface tension of the liquid. 
Suppose we take a rectangular frame, ABCD, the side CD consist¬ 
ing of a wire laid across the wire of the frame (Fig. 122). If this 
be dipped in a soap solution a film may be formed over both sides 
of the frame ABCD. The force due to the surface tension acting on 
CD, of length l cm., tending to contract the area by moving CD 
towards AB will be F = 2 Tl dynes, where T is the value of the 
surface tension in dynes/cm. If the area of the film be increased by 
moving CD to EG, supposing CD slides without friction, the work 
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done will be Fx, where x = DG. This work will equal the energy- 
stored in the new surface of film produced, namely, twice the area 
CDGE, since there is a film on each side of the frame. If E is the 
energy per cm. 2 in this film, we have 

or 2 El = F = 2 Tl 

hence E = T 

where E is erg/cm. 2 , and T is dyne/cm. 

Thus the potential energy stored in the surface per unit area , measured in 
ergs, equals numerically the surface tension measured in dynes per cm. 

The surface tension of liquids decreases with rise in temperature. 
The values of the surface tension of a few of the commoner liquids 
measured in air is given in Table IV. 

TABLE IV 


Liquid 

T in dyne/cm. 

Water at 15° C. 

. 73 

Water at 100° C . 

. 58 

Mercury. 

. 527 

Soap solution. 

. 26 

Ether at 0° C... 

. 19 

Alcohol at 20° C. 

. 22.6 

Olive oil. 

. 32 

Paraffin oil. 

. 26.4 


116. Some Applications of Surface Tension. The phenomena of 
surface tension enter into many problems, sometimes in a very 
evident way and at other times in a more obscure manner. Physi¬ 
cists and chemists have used the spreading of oils and long chain 
organic chemicals on water and other liquids to estimate the size 
and shape of molecules. The action of electric charge in lowering 
the surface tension of a liquid has been applied by Lord Kelvin in the 
siphon recorder, still used for printing the signals sent across oceans 
along cables. The rise of oil in the wick of a lamp, the action of 
common blotting paper, and the action of sand in filtration plants 
are other examples. The deposition of moisture on smoke par¬ 
ticles causing fogs, and the action of oil, well known to sailors, in 
preventing the wind from getting a grip on the surface of water 
and thus reducing the waves, may be explained on the principles of 
surface tension. The results of experiments on the surface tension 
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of solutions in water of sodium and potassium xanthates in contact 
with different metallic salts have made it possible to separate the 
ores from the nonmetallic ingredients with such success that not 
only have man y mines been able to operate profitably which were 
formerly of too low grade an ore to be worked, but it is even possible 
to separate five or more different metals separately in succession from 
the same ore by the judicious addition of chemicals. This process is 
known as “flotation.” 

Many insects are able to glide about freely on the surface of 
water without breaking through the surface film, and the formation 
of globules of water on leaves and at regular intervals on a spider’s 
web after a heavy dew are the direct results of surface tension. 
The shape and behavior of the stomata or minute openings in leaves 
and the action of many lower forms of life, like the motion of the 
pseudopodia of the amoeba, seem to be due to the action of potassium 
salts produced by the cells in changing the value of the surface 
t ensi on. The further study of the phenomena of surface tension is 
leading to many new results in physical, chemical, and biological 
sciences. 

117. Diffusion. If water be poured into a tall jar until it is 
half full and then a concentrated solution of copper sulphate be 
introduced slowly through a glass tube reaching to the bottom of 
the jar, there will be a clear line of demarcation between the blue 
copper sulphate solution and the water. The denser blue solution 
will be at the bottom with the lighter water resting on the top. It 
might be expected that the more dense solution would remain at 
the bottom, but after some time the blue copper sulphate solution 
will gradually pass up into the clear water. This is called diffu¬ 
sion and was investigated carefully by Graham in 1851. The rate 
at which one solution diffuses into another depends upon the nature 
of the liquids and increases with rise in temperature. Liquids 
diffuse slowly at ordinary temperatures. 

Diffusion also takes place in gases and at a more rapid rate than 
in the case of liquids. A small amount of scent placed in one part 
of a room is soon detectable throughout the room, indicating the 
high rate of diffusion. A gas will diffuse through a solid, a notable 
example being the ease with which hydrogen will pass through 
palladium, while oxygen and nitrogen will not. One metal may 
also diffuse through another when the two are placed in contact, 
e.g., lead and gold, but the rate of diffusion is very slow indeed. 
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Diffusion will continue until the concentration of the two materials 
is uniform throughout the mixture. 

The diffusion of gases through porous partitions may be illustrated 
by a simple experiment with a porous pot (Fig. 123). An unglazed 
vessel AB is fitted with a rubber plug through which a glass U-tube 
CDE passes. This tube serves as a pressure manometer by con¬ 
taining a small amount of colored water. 

When the apparatus is held vertically in the 
air, the level of the water (in the manometer) 
will be the same in both limbs, indicating 
that the pressure inside the pot is atmos¬ 
pheric. 

If a glass beaker F be placed over AB and 
hydrogen or illuminating gas be introduced F 
into the beaker through a rubber tube, the 
lighter hydrogen will displace the air and the 
vessel will be surrounded with hydrogen. 

The hydrogen will diffuse through the porous 
pot more rapidly than the air diffuses out. 

As a result there will be an increase in the 
pressure inside AB, which will be indicated by 
the level of the water in the limb CD of the manometer being below 
that of the level in the limb DE. After an interval of time the air 
and hydrogen become uniformly mixed inside and outside of the pot 
with the consequent equalization of pressure as the manometer 
will indicate. If now the beaker F be removed, the outside will be 
immediately surrounded with air only, and the hydrogen will diffuse 
more rapidly out than the air diffuses in causing a reduction of the 
pressure inside AB. The water in the manometer will then rise 
in CD to a level above that in the tube DE. 

The differences in the rate of diffusion of two gases may be used 
to separate, partially at least, one gas from another. The denser 
gases diffuse more slowly than the lighter gases and the rate of 
diffusion increases rapidly with rise in temperature. 

Diffusion plays an important role in life. The oxygen from the 
air, which is inhaled into the lungs, diffuses through the membrane 
of the lungs and attaches itself to the blood corpuscles. The car¬ 
bon dioxide is given up by the blood and diffuses out through the 
lung membrane by the same process. In a somewhat similar man¬ 
ner, oxygen in water diffuses through the thin membranes of the 
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gills of fish and purifies the blood. Gases will diffuse slowly through 
quartz and metals, especially when such substances are heated to 
high temperatures. The rate of diffusion through some crystals 

varies with the direction in the same 
crystal, the rate being greater along one 
axis of a crystal than along another. 

The fact that gases diffuse rapidly is 
utilized in the construction of diffusion 
pumps, which produce very high vacua. 
A common type of mercury diffusion 
pump is illustrated in Fig. 124. In this 
case the mercury is vaporized and passes 
through the nozzle at a high velocity, 
the pressure being reduced below the 
nozzle by condensation on the water- 
cooled walls. Gas molecules diffuse in 
and are caught by the stream of mercury 
Fig. 124. — Langmuir Diffusion ya p 0r anc [ carr i e d down. The mercury 

is then condensed and returned to the 
boiler, the same mercury being used over and over again. The simple 
diffusion pump, shown in the figure, would require a fore-pump ca¬ 
pable of reducing the pressure to a fraction of a millimeter to carry 
away the gas. Such a mercury pump will then reduce the pressure 
to less than 10~ 6 mm. of mercury. Other liquids than mercury, such 
as apiezon oil, have been used and very many types of such pumps, 
first designed by Irving Langmuir, are to be found in engineering 
and research laboratories. 

118. Osmosis. When one solution is separated from another by a 
membrane such as a piece of pig 7 s bladder, it is found that certain 
substances called crystalloids, such as mineral acids and salts, dif¬ 
fuse through the membrane readily; while others called colloids, 
such as gums, albumen, and starch, do not pass through. Crystal¬ 
loids raise the boiling point of water and lower its freezing point, while 
colloids have very little effect in changing these temperatures. Crys¬ 
talloids may be separated from colloids in a solution by inserting a 
glass vessel with its lower end closed with a permeable membrane 
like the pig's bladder, or a piece of parchment paper, or cellophane. 
The crystalloids will diffuse through, while the colloids will not. 
There are membranes which are permeable to water, but impermeable 
to a large number of salts. Such membranes are called semiper- 
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meable, the best known example being the precipitate of ferrocyanide 
of copper. 

If a tube ABC (Fig. 125), the lower end of which is closed with a 
semipermeable membrane, be filled with a sugar solution and then 
placed in a dish or vessel of pure water, it will be found that the 
water diffuses through the membrane into 
the solution, but that the sugar does not 
pass out into the water. This phenomenon 
is called osmosis, and the water will continue A 

to pass into the sugar solution until the re- R 

suiting hydrostatic pressure produced is very ; 

considerable. This pressure is called the 
osmotic pressure and is independent of the 
nature of the semipermeable membrane, pro¬ 
vided the membrane is not permeable to the 
solute. The osmotic pressure depends upon 
the nature of the solute and solvent, upon 
the concentration of the solution, and the 
temperature. The water passes through the 
membrane and lowers the concentration of the sugar solution in the 
tube, and the level of the water in the tube consequently rises with 
resulting increase in pressure. The osmotic pressure behaves like a 
gas pressure, very much as if the solvent were removed and the dis¬ 
solved substance filled the space in a gaseous state at the same tem¬ 
perature. 

The swelling of raisins when placed in water is an example of 
osmosis. The skin of the raisin permits the water to pass to the 
inside where it dissolves the sugar, forming a sugar solution which 
cannot then pass out. 

119. Viscosity. Viscosity is the term used to designate the in¬ 
ternal friction which occurs when fluids are in motion. Force is 
required to drive a liquid through tube or pipe. The layer of the 
fluid next the walls is supposed to remain at rest, and as the adjacent 
layer flows along it experiences a frictional resistance. This internal 
friction of one layer of liquid or gas over another layer of the same 
fluid depends upon the nature and temperature of the fluid. The vis¬ 
cosity of a fluid is measured in terms of a coefficient of viscosity, which 
may be defined as the frictional force per unit area of a fluid that is 
flowing with unit velocity parallel to another stationary layer sepa¬ 
rated by unit distance, the intervening space being filled with the fluid. 



Fig. 125 
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Using this definition, it may be shown that the volume of a liquid 
or gas which will flow per second through a horizontal tube of given 
radius and length under a constant difference of pressure between 
the two ends will be inversely proportional to the coefficient of 
viscosity of the fluid. The greater the- viscosity, the less the quan¬ 
tity of fluid which will flow through the tube per unit time. The 
viscosity of liquids decreases with rise in temperature, but the vis¬ 
cosity of a gas increases as the temperature is raised. 

The viscosity of a fluid causes a frictional resistance to the motion 
of any body through the fluid. In the case of a sphere this resistance 
is proportional to the radius and to the velocity at moderate speeds. 
For this reason falling raindrops reach a constant terminal velocity 
when the frictional force due to the viscosity of the air just balances 
the weight. The smallest drops have a velocity of only 1 cm./sec., 
while the largest ones may have speeds of 8 m./sec. A small steel 
ball when dropped into a tall jar of glycerine, which has a high co¬ 
efficient of viscosity, will fall through the liquid with a constant 
slow velocity which may easily be measured. The smaller the 
radius of the sphere, the slower will be this terminal velocity. When 
the velocity of a large body becomes very high, as in the case of a 
shell or train moving through the air, the resistance increases more 
nearly as the square of the velocity. 

TABLE V 

Coefficients of Viscosity in C.G.S. Units 
Liquids at 20° C. 


Aniline. 0.0440 

Glycerine. 8.5 

Mercury. 0.0141 

Turpentine. 0.0149 

Water. 0.01006 

Gases at 15° C. X lO"* 6 

Air. 181 

Hydrogen. 195 

Nitrogen. 174 

Helium. 197 

Water vapor. 97 

Carbon dioxide. 146 
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PROBLEMS 

1. How high will water rise in a capillary tube 0.5 mm. radius if the sur¬ 
face tension of water is 73.5 dynes/cm.? (3. cm# ) 

2. If a U-tubc is made so that one limb is 2 cm. in diameter, and the 

other 2 mm. in diameter, and water is poured into the tube, what will be 
the difference in level of the surface in the two tubes, taking the surface 
tension of water as 74 dynes/cm.? (1.36 cm.) 

3. If mercury of surface tension 520 dynes/cm. be used in Problem 2, 
what would be the difference in level? The angle of contact of mercury is 40°. 

(0.538 cm.) 

4. A liquid of specific gravity 0.80, the angle of contact of which is zero, 

rises to a height 15.3 mm. in a papillary tube of diameter 1 mm. Find the 
surface tension of the liquid. (30 dynes/cm.) 

5. Find the work required to increase the total surface of a soap film by 2C0 
sq. cm. if the surface tension of the solution is 26 dynes/cm. (5200 ergs) 
y^6. Find the internal diameter of a tube in which warm water rises to a 
height of 15 cm., the surface tension of water being 70 dynes/cm. 

(0.19 mm.) 

7. Find the excess pressure inside a soap bubble of radius 5 cm., the sur¬ 
face tension of the soap solution being 26 dynes/cm. (20.8 dynes/cm. 2 ) 

8. A drop of water has a diameter of 3 mm. What is the excess pressure 
inside, if the surface tension of water is 76 dynes/cm.? (1013.3 dynes/cm. 2 ) 

9. What is the maximum weight of a drop of alcohol, issuing from a tube 
of radius 5 mm., if the surface tension of alcohol is 25 dynes/cm.? 

(48.5 mgm.) 

10. If the excess pressure inside a drop of 1 cm. diameter is 280 dynes/cm. 2 , 

what is the surface tension of the liquid? (70 dynes/cm.) 

11. The weight of 100 drops of a liquid issuing from a tube of 6 mm. 
diameter is 8.492 gm. What is the surface tension of the liquid? 

(73 dynes/cm.) 

12 . If the excess pressure inside a soap bubble is 40 dynes/cm. 2 , and the 

surface tension of the. solution is 26 dynes/cm., what is the diameter of the 
bubble? (5.2 cm.) 

13. The surface tensions of two liquids are, respectively, 30 and 60 

dynes/cm. The liquids drop from the ends of two tubes of the same radius. 
What is the ratio of the weights of the two drops? (1 : 2) 

14. The excess pressure inside one soap bubble is three times that inside 
a second. What is the ratio of the volumes of the two bubbles? (1 : 27) 

15. A glass vessel is made with a triangular cross section and the sides are 
vertical. If a little water is poured into the vessel, prove that the meniscus 
will have the form of a rectangular hyperbola. 

16 . Two vertical glass plates 1 mm. apart are dipped into water. How 

high will the water rise between the plates, if the surface tension of water is 
70 dynes/cm.? (1-43 cm.) 



CHAPTER VI 

CONSTITUTION OF MATTER 

120. Molecular or Atomic Hypothesis. The greater part of me¬ 
chanics has been concerned with the behavior of matter in bulk and 
the properties of inertia and gravitational attraction common to all 
matter. These properties or characteristics of matter have been 
described and discussed without any reference to the (possible) 
microscopic structure of matter, just as they would be discussed if 
matter were really perfectly continuous as it appears to be to the 
naked eye. On the other hand in discussing the special properties 
of fluids (liquids and gases) in Chapter V, it was found useful to 
introduce the molecular or atomic hypothesis of the nature of matter. 
Experimental evidence confirming this hypothesis will be considered 
from time to time in later chapters, while the present chapter will 
discuss the hypothesis somewhat more in detail, and describe its 
application to solids as well as to fluids. 

1. Elements. Upon analysis by chemical methods all matter is 
found to be composed of one or more of the different kinds of matter 
which are called elements (see Table VI). Each of the 92 known 
elements occurs in characteristic smallest identifiable units called 
atoms, the lightest atom being that of hydrogen with a mass of 
1.66 X 10~ 24 grams and the heaviest that of uranium with a mass of 
395 X 10~ 24 grams. 

2. Compounds. Atoms of various elements combine together in 
definite numbers to form molecules, which are the smallest identi¬ 
fiable portions of more complex types of matter called compounds. 
For example two atoms of hydrogen combine with one atom of 
oxygen to form a molecule of water. 

121. The Structure of Atoms. It was long supposed that atoms 
were indivisible and unalterable, but in the past thirty years ex¬ 
periment has shown this hypothesis to be untenable, and instead 
we must assume atoms to be themselves built up of more fundamental 
constituents. Our ideas as to the nature of these fundamental con¬ 
stituents of atoms will be considered briefly in a later chapter. For 
the present it will be sufficient to say that atoms in general appear 
to consist of a very small central core or nucleus (about 10 -13 cm. 
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TABLE VI 

Periodic Table op the Elements 


Number of 
Shells 

I 

II 

III 

IV 

V 

VI 

VII 

VIII or 0 

1 or K 

1H 

1.0078 









2 He 
4.002 


3 Li 

4 Be 

5 B 

6 C 

7 N 

80 

9 F 



10 Ne 

2 or L 

6.940 

9.02 

10.82 

12.00 

14.008 

16.000 

19.00 



20.183 

3 or M 

11 Na 
22.997 

12 Mg 
24.32 

13 A1 
26.97 

14 Si 

28.06 

15 P 
31.02 

16 S 

32.06 

17 Cl 
35.457 



18 A 
39.944 


19 K 

20 Ca 

21 Sc 

22 Ti 

23 V 

24 Cr 

25 Mn 

26 Fe 

27 Co 

28 Ni 


39.096 

40.08 

45.10 

47.90 

50.95 

52.01 

54.93 

55.84 

58.94 

58.69 

4 or N 

29 Cu 

30 Zn 

31 Ga 

32 Ge 

33 As 

34 Se 

35 Br 



36 Kr 


63.57 

65.38 

69.72 

72.60 

74.91 

78.96 

79.916 



83.7 


37 Rb 

38 Sr 

39 Y 

40 Zr 

41 Cb 

42 Mo 

43 Ma 

44 Ru 

45 Rh 

46 Pd 


85.44 

87.63 

88.92 

91.22 

92.91 

96.0 


101.7 

102.91 

106.7 

5 or 0 

47 Ag 

48 Cd 

49 In 

50 Sn 

51 Sb 

52 Te 

53 I 



54 Xe 


107.88 

112.41 

114.76 

118.70 

121.76 

127.61 

126.92! 



131.3 


55 Cs 

56 Ba 

5TLa* 

72 Hf 

73 Ta 

74 W 

75 Re 

76 Os 

77 Ir 

78 Pt 


132.91 

137.36 

138.92 

178.6 

181.4 

184.0 

186.31 

191.5 

193.1 

195.23 

6 or P 

79 Au 

80 Hg 

81 T1 

82 Pb 

83 Bi 

84 Po 

85 



86 Rn 


197.2 

200.61 

204.39 

207.22 

209.00 





222. 

7 or Q 

87 

88 Ra 

89 Ac 

90 Th 

91 Pa 

92 U 






225.97 


232.12 


238.14 






* 58-71 Rare Earths 


in diameter), which contains most of the mass of the atom and has 
a positive electric charge, surrounded by a number of electrons each 
of which has a very small mass and a negative electric charge. 
Simple experiments which will be described later have shown that 
there are two lands of electricity, called positive and negative , which 
have the property that positive electricity repels positive, but at¬ 
tracts negative, while negative repels negative but attracts positive 
electricity.* Electrons are the smallest portion of negative elec- 

* Positive and negative merely express the opposite qualities of the two kinds 
of electricity. For example, a quantity of positive electricity close to an equal 
quantity of negative electricity will together exert no force on a distant quan¬ 
tity of electricity (whether positive or negative), the “puli” of one being neu¬ 
tralized by the “push” of the other. In this case the equal positive and nega¬ 
tive quantities are said to neutralize each other and to be equivalent to zero 
charge; that is, (+E) + (—E) = 0. 
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TABLE VI — (Continued) 

The Chemical Elements and Their Atomic Weights (1935) 




Atomic 


o 

rO 

•S s 

5 rC 


1 

Weight 


Si 

CO 

l| 

Actinium. 

. Ac 


Mercury. 

Hr 

80 

Aluminum.... 

. A1 

26.97 

Molybdenum. . 

Mo 

42 

Antimony.. . . 

Sb 

121.76 

Neodymium. . . 

Nd 

60 


A 

39.944 

Neon. 

Ne 

10 

Arsenic. 

As 

74.91 

Nickel. 

Ni 

28 

Barium. 

Ba 

137.36 

Nitrogen. 

N 

7 

Beryllium.... 

Be 

9.02 

Osmium. 

Os 

76 

Bismuth. 

Bi 

209.00 

Oxygen. 

O 

8 

Boron. 

B 

10.82 

Palladium. 

Pd 

46 

Bromine. 

Br 

79.916 

Phosphorus.... 

P 

15 

Cadmium. 

Cd 

112.41 

Platinum. 

Pt 

78 

Calcium. 

Ca 

40.08 

Polonium. 

Po 

84 

Carbon. 

C 

12.00 

Potassium. 

K 

19 

Cerium. 

Ce 

140.13 

Praseodymium 

Pr 

59 

Cesium. 

Cs 

132.91 

Protoactinium. 

Pa 

91 

Chlorine. 

Cl 

35.457 

Radium. 

Ra 

88 

Chromium,... 

Cr 

52.01 

Radon. 

Rn 

86 

Cobalt. 

Co 

58.94 

Rhenium. 

Re 

75 

Columbi um... 

Cb 

92.91 

Rhodium. 

Rh 

45 

Copper. 

Cu 

63.57 

Rubidium. 

Rb 

37 

Dysprosium .. 

Dy 

162.46 

Ruthenium.... 

Ru 

44 

Erbium. 

Er 

167.64 

Samarium. 

Sin 

62 

Europium. 

Eu 

152.0 

Scandium. 

Sc 

21 

Fluorine. 

F 

19.00 

Selenium. 

Sc 

34 

Gadolinium... 

Gd 

157.3 

Silicon. 

Si 

14 

Gallium. 

Ga 

69.72 

Silver. 

Ag 

47 

Germanium... 

Ge 

72.60 

Sodium. 

Na 

11 

Gold. 

Au 

197.2 

Strontium. 

Sr 

38 

Hafnium. 

Hf 

178.6 

Sulfur. 

• s 

16 

Helium. 

He 

4.002 

Tantalum. 

Ta 

73 

Holmium. 

Ho 

163.5 

Tellurium. 

Te 

52 

Hydrogen.... 

H 

1.0078 

Terbium. 

Tb 

65 

Illinium. 

11 


Thallium. 

T1 

81 

Indium. 

In 


Thorium. 

Tli 

90 

Iodine. 

I 

126.92 

Thulium. 

Tm 

69 

Iridium. 

Ir 

193.1 

Tin. 

Sn 

50 

Iron. 

Fe 

55. S4 

Titanium. 

Ti 

22 

Krypton. 

Kr 

83.7 

Tungsten. 

W 

74 

Lanthanum..., 

La 

138.92 

Uranium. 

IT 

92 

Lead. 

Pb 

207.22 

Vanadium. 

V 

23 

Lithium. 

Li 

6.940 

Xenon. 

Xe 

51 

Lutecium. 

Lu 

175.0 

Ytterbium. 

Yb 

70 

Magnesium.... 

Mg 

24.32 

Yttrium. 

Y 

39 

Manganese 

Mn 

54.93 

Zinc. 

| Zn 

30 

Masurium. 

Ma 


Zirconium. 

! Zr 

40 
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tricity which has been found to exist separately, while protons and 
positrons are (or contain) the smallest portion of positive electricity 
which has been found to exist. 

The simplest and lightest atom is that of hydrogen, which con¬ 
sists of a proton as nucleus and one electron; next in complexity 
is helium, having a nucleus about four times the mass of a proton 
and carrying two units of positive charge, with which are associated 
two electrons. In general the heavier the atom the larger is the 
positive electric charge carried by the nucleus, and the magnitude 
of this nuclear charge, rather than the mass, is what determines the 
chemical and other properties, as will be discussed further in Chap¬ 
ter XX. As an aid in identifying atoms, therefore, each is given an 
atomic number which is proportional to the nuclear charge. Table VI 
lists the known elements, each with its atomic number and atomic 
weight. In all cases when the atom is in the usual or normal state 
the nucleus is surrounded by such a number of electrons that their 
total negative charge just neutralizes the positive charge of the 
nucleus, the atom being as a whole uncharged, neither repelling nor 
attracting any distant charge of electricity. 

There are various experimental reasons for describing these 
electrons as around rather than in the nucleus, one reason being the 
ease with which electrons can be removed from atoms. The re¬ 
moval of one electron from outside the nucleus of a neutral atom 
leaves it with a surplus of one positive charge, the removal of two 
electrons would leave it with a double positive charge, and so on. 
Such electrically charged atoms are called positive ions. Atoms 
can also attach extra electrons to themselves, thus having a sur¬ 
plus negative charge and becoming negative ions. In a similar way 
neutral molecules can lose or attach electrons and become positive 
or negative molecular ions. 

Elements are distinguished from each other by having different 
chemical and physical properties. Methods will be discussed later 
by which it is now possible to measure the relative mass of ions of 
the elements, and from these it is concluded that though the atoms 
of a given element, for example lead, all have the. same charge on 
the nucleus, they do not all have the same mass. Such chemically 
similar atoms having the same nuclear charge but different masses 
are called isotopes. 

122. Three States of Matter. Any given kind of matter, for ex¬ 
ample elements like iron or sulphur or compounds such as water or 
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carbon dioxide, can in general exist in three conditions having quite 
different properties,.called the gaseous, liquid, and solid states. The 
gaseous state in general has much less matter, that is fewer mole¬ 
cules, per unit volume than the liquid or solid state of the same 
substance. 

In general there are forces of attraction between atoms, as is 
evidenced by the great number of different molecules which they 
combine to form; and there are also forces of attraction between 
molecules, as is evident from the grouping of like molecules into 
the liquid and solid states, by the solution of one substance in an¬ 
other (as sugar in water), and the formation of alloys of various 
metallic elements. That these forces of attraction decrease very 
rapidly as the distance between molecules increases is shown by the 
fact that they are much less effective in the gaseous state where the 
average distance between molecules is large, than in the liquid 
or solid state. The effect of these attractive forces is observable 
even in a gas, however, and whenever molecules move away from 
each other work must be done against the forces of attraction and 
the molecular potential energy is increased, just as the gravitational 
potential energy of a mass is increased when it is lifted from the 
ground against the force of gravity. 

The characteristics and structure of the different states of matter 
are briefly as follows: 

1. Gaseous state . Matter in this state has no free boundary but 
tends to fill completely any vessel in which it is placed, and exerts 
a pressure on all the walls of the containing vessel. Two different 
gases placed freely in contact diffuse into each other with consider¬ 
able rapidity. These two characteristics and others to be discussed 
later have led to the hypothesis that in the gaseous state the mol¬ 
ecules are moving about quite freely, hitting each other and hitting 
the walls of the containing vessel. The pressure of the gas on the 
walls is the resultant of the impacts of the molecules on the walls. 

2. Liquid state . In general the density of the liquid state is much 
greater than that of the gaseous state and the number of atoms, or 
molecules, per cubic centimeter is proportionately increased, there 
being, for example, about 4 X 10 22 molecules per cubic centimeter of 
liquid mercury. Liquids in general are highly incompressible, but 
offer little resistance to a change of shape. 

While the molecules in liquids at ordinary temperatures, or higher, 
can in general move about with considerable freedom, there is recent 
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evidence that in many cases there is some regularity and permanence 
in their arrangement. This is particularly true near a boundary 
surface, and with molecules which are relatively large and unsym- 
metrical. That is, if the molecules are long and rod-like, they tend 
to arrange themselves in groups parallel to each other, like a bundle 
of laths and not mixed up like a pile of jackstraws. Such a regular 
arrangement would be more permanent at low temperatures than at 
high. 

3. Solid state. In this state the elementary particles, whether 
atoms or molecules, have as much kinetic energy of motion at any 
given temperature as the atoms or molecules of a gas at the same 
temperature, but though moving rapidly, they do not on the average 
wander far, as do the molecules of a gas. As the temperature of 
solids is increased the speed of molecular motions increases just as 
with liquids and gases. The density of matter in the solid state is 
in general not very different from that in the liquid state, being in 
most cases slightly greater. Solids offer great resistance to compres¬ 
sion as do liquids, but offer much greater resistance than liquids to 
change of shape, and tend to return to their original form after dis¬ 
tortion. The effect of bringing metal atoms close together in the 
solid or liquid state is to loosen the attachment of some of the outer 
electrons of the atoms and put them in such condition that they can 
move about quite freely thus giving the electrical conducting power 
of ordinary metals. The electrons move much more freely than the 
positive ions, but the ions (or atoms) do wander even in solid metal, 
as has been shown by very simple experiments. If the carefully 
polished end of a block of zinc is rested on the polished end of a block 
of copper, the two metals will diffuse into each other and after a 
time the blocks will be held together by the layer of brass which is 
formed. In some other solids, relatively poor conductors such as 
rock salt or copper sulphate, ions are formed when the molecules 
go into the solid state, by the partial removal of one or more electrons 
from one kind of atom and the loose attachment of these electrons 
to the other atom or group; but neither the loosened electrons nor the 
ions have much freedom of motion at ordinary temperatures. At 
higher temperatures both the electrons and ions can move more 
freely, and such poor conductors become better conductors as they 
are heated. On the other hand, with metals in which there are 
apparently very many electrons available and free to move at ordi¬ 
nary temperatures, the increased thermal agitation at high tempera- 
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tures decreases their electrical conductivity, while they become better 
conductors at low temperatures. 

★ 123. Crystals. Everyone is familiar with the fact that many 
substances when in the solid state occur naturally in certain charac 
teristic regular shapes called crystals. For example, there are ice 
crystals seen in beautiful combination in snowflakes, crystals of quartz 6 
sugar crystals in old-fashioned rock candy, mica which occurs in flat 

oration goes on. 

Pig. 126. — Photomicrograph of Polished ^ 10 * jasis the molecular 

and Etched Metal Surface Showing Constitution of matter, we must 
Crystals hifcr from the regularity of exter- 

nal form that t hor(i is a regularity 
or internal arrangement of the molecules, and it turns out that such 
regularity of arrangement is much more general than (he regularity 
of shape, in fact that most solids show such regularity to a greater or 
less extent. For example, a piece of iron or steel docs not*look like 
a crystal, but if a part of the surface is polished, etched with acid 
and examined with a microscope, it will be found to be made up of 
closely packed grains as shown in Fig. 126 which is from a photo- 

ZZt ? " SUrfaCe ' Each ° f thcS(; «** « single crystal, 

and the mechanical properties of the material depend very much upon 

the size and arrangement of these grains. Many materials can also 

examnl n r * ™ ncrystalline amorphous condition; for 
ample, all ordinary glass and fused quartz, which show no regularity 

“f Pe and ^ Uttle reguIarity of “tormd arrangement 
Of course the arrangement of atoms and molecules in a crystal 

Tut can'be r 7 ^ ™ «> this arrange¬ 

ment can be drawn from a study of various properties of crystals, 
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such as regularity of external shape, 
the transmission of light in various di¬ 
rections if the material is transparent, 
and the reflection or transmission of 
X-rays. 

In this section we shall give a few 
of the results of such studies, and in a 
later chapter a brief account of the re¬ 
flection of X-rays from crystals. 

In order to describe a crystal it is 
convenient to consider a framework or 
“lattice” consisting of three sets of 
regularly spaced parallel straight lines, 
and in the simplest case the sets will be 
equally spaced and mutually perpen¬ 
dicular to each other, dividing the space 
into equal cubes as shown in Fig. 127 (a), 
the lines forming the edges of the cubes. 
If the atoms in the crystal are all alike, 
for example copper or carbon, the 
simplest arrangement would be to have 
one atom at each corner where three 
lines intersect, but this arrangement is 
not found in any real case. The next 
degree of complication would be to 
have one at each corner and one in 
the center of each cube, Fig. 127 (6), 
which is the arrangement found for 
sodium, potassium, tungsten, and a 
number of other metals. Next would 
be an arrangement of an atom at each 
cube corner and one in the center of 
each cube face, Fig. 127 (c), which is 
the structure found for gold, silver, 
platinum, and many other metals. 

So far we have considered crystals of 
elements, having all the atoms alike, 
but similar arrangements are found for 
compounds. For example, common 
salt (sodium chloride, NaCl) crystallizes 




(c) 



(d) 

Fig. 127 
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as shown in Fig. 127 {£), in which it is evident that the sodium atoms 
are arranged as in Fig. 127 (c), while the chlorine atoms are on exactly 
the same sort of lattice, which is however displaced (along X, F, and 
Z) with reference to the sodium lattice by half the distance between 
adjacent sodium atoms. Figure 127 ( d ) also gives the dimensions 
(1A = 1 angstrom unit = 10~ 8 cm.) of the unit cubical cell, which is 
the smallest unit out of which a large salt crystal can be built up by 
simple repetition. All cubic crystals are so symmetrical that they 
are optically isotropic, like water,* that is, light travels with the same 
velocity in all directions through them. This is not true of the less 

symmetrical crystals, for which the "cells” 
may be formed by sets of parallel lines as 
before, but the spacing between the lines 
may be different in the different sets and 
the angle between the sets is not neces¬ 
sarily 90°. Figure 128 shows the crystal 
arrangement of calcite or Iceland Spar 
(CaCOs), which crystallizes in the form of 
a rhomb, and like all noncubic crystals is 
anisotropic; that is, its conductivity for 
heat as well as its mechanical and optical 
properties are different in different direc¬ 
tions. The peculiar optical properties of 
calcite are very useful, and will be referred 
to again in the chapter on light. 

The idea that the atoms in crystals are 
arranged in closely and regularly spaced 
planes led to the first proof of the wave 
character of X-rays, as will be discussed 
in Chapter XVII, and the distance between these planes is important 
in determining some of the properties of the crystal. For example, 
the ease with which mica can be split into sheets is due to the fact 
that the planes of atoms parallel to these sheets are relatively far 
apart compared to the distance between atoms in these planes. 



o Calcium • Carbon 
a = 101 a 64' 


Fig. 128. — Rhomb of Calcite 
with Faces Parallel to the 
Cleavage Planes of the Crystal. 
The crystal planes parallel to 
the cleavage planes are 3.029 A 
apart. The oxygen atoms at¬ 
tached to the carbon atoms 
(1,2, and 3) lie in a plane which 
contains these carbon atoms 
and is perpendicular to the optic 
axis 


CHAPTER VII 

VIBRATIONS AND WAVES 


124. Introduction. A vibration or oscillation is in general any 
motion or any change which repeats itself in regular intervals of 
time. Some vibrations, such for example as those of a clock pendu¬ 
lum, or the balance wheel of a watch, or the to-and-fro motion of the. 
piston rod of a low speed steam engine, can be followed by the eye; 
and in such cases the period, or time taken to make one complete 
vibration, can be directly measured. Vibrations play a very im¬ 
portant role in many physical phenomena, especially in sound, light, 
and electricity, and while in most of these cases we cannot follow 
them with the eye directly we can study them by indirect m eans 

Closely related to vibrations are the phenomena of waves, of which 
the most commonly observed examples are those on the surface of a 
large body of water. Under proper conditions of a moderate and 
steady wind one can observe a uniform train or series of waves 
moving across the water. But while the crests and trou ghs have a 
steady progressive motion across the surface, if the motion of par¬ 
ticles in the water were studied it would be found to consist of an 
up-and-down component and a to-and-fro horizontal component — 
in other words, a vibration. Thus in general the progression of a 
train of waves along a surface or through a 
medium produces a vibratory motion of 
the elements of the medium at each point, 
and furthermore the combined effect of two 
or more trains of waves crossing each other 
is to produce a combination of vibrations at 
each point. Therefore a more detailed 
study of the characteristics of vibrations 
and the results of combining them is de¬ 
sirable before going further in the discussion 
of waves. 

125. Vibrations. If the mass on the 
spring (Fig. 129) is pulled down a little and released, it will move up 
and down along a straight line, and such a vibration is called linear. 
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One half the total range of motion is called the amplitude (A), and 
the time of one complete vibration, that is the time between succes¬ 
sive passages in the same direction through any point, is the period (T). 
Some vibrations are very complicated, as for example the vibratory 
motion of a point in the diaphragm of a loud speaker; but no matter 
how complicated they are, it can be shown that they are equivalent to 
the combination of a number of simple harmonic vibrations (Sect. 40) 
of different periods and amplitudes. Hence we shall discuss only 
these simple vibrations and the method of combining them. 

According to Sect. 40 a particle P executes simple harmonic motion 
(S.H.M.) along the line AB if it is always at the foot of the perpen¬ 
dicular from P' on AB (Fig. 130), P f having a uniform motion in the 




circle of radius r — AB/ 2 . If the angular velocity of P' is w, and 
we begin to count time when P' is at A, then evidently Z.ACP' = cat 
and CP = r cos cot. If we call AB the F-axis and C the origin, 
then the position of P at any time t is expressed by the equation 
y = r cos cat. This is therefore the equation of a S.H.M. along the 
F-axis, the center of the motion being at C. The period of the S.H.M. 
must evidently be the same as that of the generating point, namely 
2 v/<a. As an aid in understanding a simple harmonic or any more 
complicated form of linear vibration, it is useful to plot a curve for 
which the ordinate of each point is proportional to the displacement 
of the vibrating particle at the time represented by the corresponding 
abscissa. The curve (a) of Fig. 131 represents in this way a S.H.M. 
of amplitude 5 cm. and period 10 seconds. 

Consider a number of simple pendulums all of the same length. 
If we pull them all aside and release them at the same instant they 
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will vibrate together, having the same period, and all the motions 
can be represented by the above equation y = r cos cat if we begin to 
count time at some instant when all bobs are at their maximum posi¬ 
tive displacement. But suppose we release them at different times 
so that the motions are out of step? If w r e begin to count time at 
some instant when one bob is at its positive maximum, the other 
bobs will at that instant be differently displaced. How can we 
represent their motions? Figure 132 which applies to one of these 
other motions will make this clear. At time t = 0 this particular 
particle (or bob) was at P 0 , and the generating point for this motion 
was, therefore, at P". At a later time t } P" will have moved to P' 
through the angle cat and P 0 will have moved 


to P, and from the figure CP = y = r cos 

Y 

A 


(cat + a) where a is the ZACP". Evidently 



all the other motions can be represented by 

f 7 s 

/ 

IS \ 

similar equations provided we put in each 

I i 

/ ST \ 

t j 

one the proper value of a as determined by 
the position of the generating particle when 
t = 0. 

The angle (cat + a) is called the phase angle 

1 ° 




or simply the phase of the motion. Figure 

131 ( b ) represents, in the way described in 

Fig. 

132 


the last paragraph, three S.H.M.’s having the same amplitudes and 
periods but differing in phase. S.H.M/s which, at a given time t , 
have the same phase angle are said to be in phase, and it will be 
convenient to use 0 as a symbol for the phase angle, i.e., 6 = cat + a 
and y = r cos 6. 

From the definition of the trigonometric functions we know that 
sin 6 = cos ( 6 — t/2) and hence we see that y = r sin 6 — r cos 
(6 — 7r/2) also represents a S.H.M. which differs only in phase 
(by t/2) from the S.H.M. y = r cos 6. Furthermore, since cos 
(8 d= t) - —cos 6 we see that a change in phase of ±t can be repre¬ 
sented by a change in sign; in other words, y = r cos (8 ± t) and 
y — —r cos 6 represent exactly the same S.H.M. 

126. Combination of Two or More S.H.M.’s. Suppose a particle 
were subject simultaneously to two S.H.M.’s along the F-axis having 
the same period but different amplitudes and phases. These two 
motions can be expressed by yi = n cos {cat + ai) = n cos 6i and 
yi = r 2 cos (cat + o&) = To cos 0 2 , and the actual displacement of the 
particle at any time, which we can represent by y } will be the alge- 
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braic sum of the displacements at that time due to the two individual 
motions, that is 

y = 2/1 + 2/2 

By means of a diagram like Fig. 133 ( a ) drawn to scale for each 
or from the equations of these motions, we can find the 
value of yi and y 2 at any time, and hence the value of y. But there 
is a simpler way of determining y, which has the further advantage 
that it shows us at once the character of the motion which results 
from the combination of two such S.H.M.’s. This method will be 
clear from a consideration of Fig. 133 (6) which represents the state 
of affairs at a particular time t, and in which the second generating 
radius r 2 is drawn from the end of n. If r x and r 2 are drawn making 



(a) 


Fig. 133 



(b) 


the angles 0i and 0 2 with the F-axis, then as before y x and ?/ 2 will be 
the projections of n and r 2 on the F-axis, and their sum y appears 
directly on the diagram. As time goes on n and r-> revolve about C 
and Pi' respectively with the same angular velocity co, and hence the 
angle between them, 6 x — 0 2 , remains constant. Therefore P 2 ' in 
effect revolves about C with the fixed radius R and the angular 
velocity co, and the resultant motion of P, which is the projection on 
the F-axis of the motion of P 2 ', is also simple harmonic and with the 
amplitude R. It is evident from the diagram that R is the third 
side of the triangle formed with n and r 2 placed so that the external 
angle between them is d x — 0 2 . Thus we have the important con¬ 
clusion: 

The residtant of two S.H.M.’s in the same straight line and having the 
. same period is another S.H.M. in the same straight line and of the same 
j jperiod, whose amplitude can be found from the amplitudes and phases of the 
\ i combining S.H.M.’s. 
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From the method of finding R it is evident that for any fixed value 
of n and r 2 the resultant amplitude will be greatest when the phase 
difference, 0i - h is zero or any multiple of 2 ir } in which case the 
two constituent vibrations 
are said to be vfi phase. 

When di- 0 2 = ir or any 
odd multiple of t the result¬ 
ant amplitude will be a min¬ 
imum, in which case the 
constituent S.H.M.’s are 
said to be exactly out of 
phase. If n = r 2 the mini¬ 
mum resultant will be zero 
and the two S.H.M.’s will exactly annul each other. From what has 
been said before it is evident that yi = r cos 0 and y 2 = — r cos 8 repre¬ 
sent two vibrations exactly out of phase. These conclusions, which 
are illustrated in Fig. 134, will be found very important in discussing 
problems in light. The method just given evidently can be ex¬ 
tended to the combination of any number of collinear S.H.M.’s 
having the same period, by combining the resultant of two with a 



r i r 2 7*1 



_ r i. 

Fig. 134 




**1 

Fig. 136 


third motion, the resultant of these three with a fourth and so on, 
and the final resultant will obviously be itself a S.H.M. whose ampli¬ 
tude R and phase 6 can be obtained graphically as shown in Fig. 135. 

The resultant of a large number of collinear S.H.M.’s for which 
n > r 2 > r 3 > • • *, the difference between successive amplitudes 
being small and the successive phase differences all ir, is obtained 
by the same method, as shown in Fig. 136. In this diagram the 
successive amplitudes which are being combined have been pulled 
apart vertically for the sake of clearness, and it is evident that if we 
combine a large number of amplitudes of very gradually decreasing 
size the resultant will be very close to ri/2. 
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127. Combination of Two S.H.M.’s of Slightly Different Periods: 
Beats. Suppose a particle is affected by two vibrations 2/1 = r cos 
coit and y >2 = r cos where coi and co 2 differ but little; for example, 
let the frequency (2 tt/wi) of 2/1 be 10 vib./sec. and that of y 2 be 10.1 
vib./sec. If the two are in the same phase when t = 0, their am¬ 
plitudes will add; while when t — 5 seconds 2/1 will have completed 
50 vibrations and 2/2 50.5 and they will then be exactly out of phase 
and will momentarily annul each other. Thus the amplitude of the 
resultant vibration will vary, changing from a maximum of 2r 
through zero to a maximum again every 10 seconds. Such periodic 
changes in amplitude are called beats, and our conclusion that the 
frequency of the beats, in this case 1/10, is equal to the difference of 
the two component frequencies, namely 10.1 — 10 = .1, is true 
in all cases. In the discussion of the electric vibrations used in radio 
we shall consider cases in which two vibrations, say of 50,000 and 
51,000 vib./sec. which are themselves too high in frequency to be 
audible, combine to give beats of frequency 1000 vib./sec. which 
can be heard. Other examples will be referred to in the chapter on 
sound. 

128. Combination of S.H.M.’s at Right Angles to Each Other. 

In the same way that y = r cos (oot + a) represents a S.H.M. along 



Fig. 137 


the 7-axis, x = r' cos (ait + a') 
represents aS.EI.M. along the 
X-axis, the angles (ait + a') 
in the latter case being 
measured from the X-axis as 
indicated in Fig. 137. It is 
of interest to consider the 
motion of a particle P which 
is subject simultaneously to 
both of these S.H.M.’s, that 
is, one whose y coordinate is 
determined by the y motion 
and whose x coordinate by 
the x motion. To locate the 
particle P at any time t it is 


only necessary to determine, 


either by graphical projection or by solving the above equations, the 
values which y and x have at this time and to use them as the coordi¬ 


nates of P. Thus in Fig. 137 the intersection of P X 'P X produced and 
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p P y ' is the position of P at the instant for which the diagram was 
drawn. By doing this for a series of values of t, say t = 0, 2716, T/8, 
3 T/ 16, etc., T being the period of the two vibrations, we can plot a 
curve which is the path of P as it moves in accordance with the x and y 
vibrations. Evidently the path must lie inside of the rectangle whose 
length is 2 r in the Y direction and 2 r' in the X direction, and it 
must touch all four sides of this rectangle. The form of the resultant 
path depends on the amplitudes of the two vibrations and upon their 
difference in phase, as is evident from Fig. 138 which shows a number 



of cases. Such combinations of two S.H.M.’s at right angles having 
the same period are of particular importance in the study of polarized 
light. 

If the periods of the two vibrations are different, that is if y = r 
cos {ut + a) and x = r' cos (o/f + a'), the resultant motion is. more 
complicated, since one vibration will complete more than one swing 
during one period of the other, but the resultant path of P can be 
determined by the method outlined above. If the period of one 
vibration is an integral multiple of the period of the other the resultant 
motion will repeat itself, as shown in Fig. 138, for several values of 
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/T 2 . If the two periods are incommensurable the resultant path 
will change continuously. It is possible to combine two S.H.M.'s 
at right angles and draw the resultant path with very simple appara¬ 
tus, one form of which, the Blackburn double pendulum, is shown 
in Fig. 139. The upper pendulum can swing only in one plane, and 

with the lower pendulum swinging 
at right angles to this plane sand 
running out of the funnel will trace 
out the path of the resultant mo¬ 
tion. 

129. Production of S.H.M. So 

far we have been merely describ¬ 
ing simple harmonic vibrations and 
their combination without refer¬ 
ence to the conditions which 
would produce them. According 
Fig. 139 . — Blackburn Double Pendulum to Sect. 40 a particle executing 

a simple harmonic vibration is 
always accelerated toward the center C of its path, the magnitude 
of the acceleration, a , being proportional to the displacement, y , 
from the center. Hence from the fundamental equation of me¬ 
chanics, / = ma , in order that a particle of mass m should vibrate 
with S.H.M. it must be acted on by a force always directed toward 
the center of the path and proportional to m X y. Such a f orce is 
called a restoring force because it always acts to bring the,particle 
bac k to _U, Its position when at rest and undisturbed. 

The energy of the vibrating particle is all potential when it is at 
rest at the ends of its path, and all kinetic as it passes C, where its 
velocity is a maximum. As it moves away from C, the kinetic energy 
is gradually used up in overcoming the restoring force acting toward C. 
At C the velocity v c was shown (Sect. 40) to be wr or 2 irr/T and 
hence the kinetic energy at C is J m(2 wr/T) 2 . T hus for a g iven 
p articl e, vibrating with different amplitudes, the maximum kinetic 
energy is proportional to the square of the amplitudes. This relation 
will be used in discussing light waves. 

In the section on elasticity (Sect. 88) it was stated that experiments 
show that small distortions of elastic bodies — such as a coiled spring, 
or a steel rod held at one end, or the prongs of a tuning fork — pro¬ 
duce restoring forces which are proportional to the distortions (Hooke's 
Law), and therefore that such bodies if displaced and released vi- 
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brate with S.H.M. Such elastic vibrating bodies are very commonly 
used in the production and reproduction of sound. In the chapter 
on electricity we shall be interested in S.H. vibrations of an electric 
charge instead of a portion of matter. In such cases the restoring 
force is the attraction between positive and negative electricity. In 
the case of a vibrating charge, as with a vibrating particle, a S.H.M. 
means that the position of the charge is changing in accordance 
with the equation y ~ r cos (ut + a), y being the distance of the 
charge from the center of its path, and all our conclusions about 
S.H.M.’s and their combination can be directly applied. In dis¬ 
cussing electric waves and light, however, we shall have to be a little 
more abstract, and consider vibrations in which the changing mag¬ 
nitude is not a distance of something from a fixed point, but the 
magnitude of a force. A linear S.H. vibration of this sort is one in 
which the force (it might be a gravitational, electric, or magnetic 
force) is always along a certain line, our F-axis; but its magnitude 
changes regularly from zero to an upward maximum, back to zero 
and to a downward maximum, back to zero and so on, in accordance 
with the equation y — r cos (c d + <*)> where y now stands for the 
magnitude of a force. A positive value of y means an upward force, 
a negative value a downward force, and r is the maximum positive 
value which the force attains. With this extension of the meaning 
of y and r all our conclusions can be applied to such vibrations. 

In transferring our conclusions concerning the combination of 
imaginary S.H.M. displacements of a point, to the combination of 
real vibrations, it must be realized that the method of getting the 
resultant by simply superposing or adding the displacements which 
the individual vibrations would produce separately, is correct only 
if the final amplitude is so small that the properties of the vibrating 
body are not altered. We can easily imagine a case in which the 
amplitude of one vibration, of a timing fork for example, was nearly 
enough to break the fork, while the addition of several such vibra¬ 
tions would certainly break it. In this case the principle of super¬ 
position as it is called would obviously not hold. We shall therefore 
apply the principle only in cases where the amplitudes are small 
enough to justify it. 

130. Waves. Returning now to the discussion of waves, consider 
as a concrete example waves or ripples on water, which produce, 
as has been said, a vibratory motion of the water at every point. 
The maximum displacement of a water particle from the normal 
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level (Fig; 140) is the amplitude of its vibration, and the elapsed time 
between successive upward maxima is the period, which would be 
the same at all points. On the other hand the -phase of the vibration 
is evidently different at different points; though one can pick out 
at any instant a continuous series of points such that the displace 
ment of each point is at its upward maximum, these forming a sinel' 
crest, and one can also pick out a series of regularly spaced cresfe 
These crests and the intervening troughs move steadily across the 
surface and constitute a train of waves. Any continuous crest 
trough, or any line through points all in the same phase of vibration 
is commonly called a wave front, and the rate at which any wave 
front advances is called the wave velocity. The distance between 



Fig. 140 

successive crests or troughs, or any pair of successive points in the 
same phase of vibration, is the wave length, which we shall denote by 
X, and it is evident that while any particle P executes one complete 
vibration the wave train moves ahead a distance X. Thus if v is the 
velocity of the waves and T the period of a vibration we must have 


If the vibration of the individual particles is simple harmonic, the 
waves are called simple harmonic waves. More complicated forms 

of waves can be analyzed into S.H. constituents so that we shall 
consider only the latter. 

Froin what has been said it should be clear that a train of waves 
would be completely described if we specified the period of the vi¬ 
brations, and their phase and amplitude at every point. In a simi- 
iarly superficial way we can imitate a train of waves by a device such 
as that shown m Fig 141, in which by rotating a shaft carrying a 
screw surface a number of equal rods can be given equal vertical 
^ w ° se P^ses differ in a regular way. A wave appears to 
ove along the tops of the rods, the direction of motion reversing 
with reversal of rotation of the shaft. This is merely an imitation 
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wave, because the motion of one rod does not depend on the motion 
of the others and any rods may be removed without changing the 
motion of the remaining ones; whereas in a real wave the motion of 
any particle depends on, and is 
in fact produced by, the motion 
of the neighboring ones. Thus 
if a periddic disturbance is pro¬ 
duced at one point of a water 
surface, say by moving a stick 
regularly up and down, or on a 
smaller scale by a wire attached 
to one prong of a vibrating 
t uning fork and moving verti¬ 
cally in the surface, the disturb¬ 
ance win be passed on from point FlG - U1 - - Apparatus for Imitating a 

, . Wave Tram 

to point and a wave tram will 

spread over the surface. Such a train of waves on a mercury surface 
is illustrated in Fig. 142. Since energy is required to start the vi¬ 
brations of the water particles, it is evident that the moving stick, 

or tuning fork as the case may be, 
must feed energy into the surface 
and that this energy must be carried 
by the waves to the head of the 
wave train in order to start vibra¬ 
tions in the undisturbed surface at 
the head of the train. This is an 
illustration of the general fact that 
advancing waves can carry energy. 
If there were a number of floats on 
the surface of the water, each con¬ 
nected to a simple machine or pump,, 
the floats would be set in motion by 
the waves and the energy they absorbed from the waves could be 
used by the machines. Such devices have actually been in use to 
absorb and utilize the energy of ocean waves. The means of start¬ 
ing a train of waves, which supplies the energy for them, is called a 
source of wave motion. 

In the experiment with the mercury surface and a vibrating tuning 
fork the train of waves will be reflected from the walls of the vessel 
and there will result several wave trains moving in different direc- 
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tions. The actual vibration of any one particle in the surface will 
now be the resultant of the vibrations which each of these wave trains 
would produce, independently, at this point. As we have seen 
(Sect. 126), the resultant of a number of vibrations, in this case of the 
same period and nearly equal amplitude, depends on the relative 
phase of the individual vibrations; and to determine the com¬ 
bined effect of several waves at a point we must first determine the 
relative phase of the vibrations produced by these waves and then 
apply the methods already developed for combining vibrations. 

If we have a vibrating source S from which waves spread out past 
P, the phase of the vibration at P relative to the phase at S will 
depend on the distance d and on the length of the wave. If d is any 
whole number of wave lengths, a crest will arrive at P just as a crest 
is leaving S, and the vibration at P will be exactly in phase with that 
at S. If d is any odd number of half wave lengths, such as d' t then a 
trough will arrive at P’ just as a crest is leaving S, and the vibrations 
at P' and S will be just out of phase . These are the two most im¬ 
portant cases, and it may be left for the student to prove that if 


y = r cosrepresents the vibration at S, then yt-r cos (~-t — 

will represent the vibrations at a distance d. Returning now to 
the case of two wave trains reaching P, one by the direct path d, 
the other by reflection at a solid wall along the 
paths di and d 2 (Fig. 143), from what has been 
said the important thing is the number of wave 
lengths in the path-difference d\ + d 2 — d. Evi¬ 
dently when the path-difference is a whole num¬ 
ber of wave lengths, the two waves will be in 
phase at P, when it is an odd number of half wave lengths they will 
be out of phase at P. If there is a change in phase accompanying 
reflection this must of course be taken into account in determining 
the relative phase at P. 



131. Different Kinds of Waves. Thus far we have been consider¬ 
ing waves and ripples on the surface of a liquid which produce up- 
and-down vibrations of the water particles (really the motion of 
the particles is not strictly linear, but along a narrow ellipse). In 
the case of long water waves the restoring force which maintains the 
vibration and carries on the wave train is the gravitational force on 
the water, and the ve locity o f such waves in deep water is given by 
the expression v = Vg\/2 x, X being the wave length. In shallow 
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water the wave velocity depends upon the depth d, in accordance with 
the equation v = Vgd. In the case of ripples it is largely the capil¬ 
lary forces of molecular attraction in the surface layers of water 
which are responsible, and the velocity is given by v = V2 vT/\p 
where T is the surface tension, X the wave length, and p the density. 
Waves on deep water which are 300 feet from crest to crest (X = 300 
feet) travel with a velocity of about 40 miles per hour. Since the 
velocity of gravitational waves decreases as the wave length de¬ 
creases, while the velocity of capil¬ 
lary waves decreases as the wave 
length increases, there is a certain 
wave length (about .7 inch) which 

travels on water with the least pos- — .. ~ jj 

sible velocity of about .76 ft./sec. —? (6) refkcted wave 

But we shall have to consider other 
cases. For example if one end of 

a long stretched rope (Fig. 144) is given a quick displacement down 
and back, a single trough can be formed which will travel along the 
rope. In this case the restoring force is due to the tension of the 
rope, and the greater the tension the higher will be the velocity of 
the wave. It can be shown in fact that if m = the mass of the rope 
per un it len gth, in grams per cm., and F the tension in dynes, then 
v = VF/m in centimeters per second. (See Sect. 157.) 

If we could experiment with a large mass of jelly by giving one 
end a periodic motion at right angles to its length, waves would be 
propagated through the mass, and in this case the restoring force 
would be due to the resistance of the jelly to distortion, which is 
measured by its modulus of rigidity (Sect. 90). The stiffer and less 
dense the jelly th e hig her would be the velocity of propagation; more 
precisely, v = VE/p where E is the modulus of rigidity and p the 
density. Elastic waves of this sort can be transmitted down a bar 
of steel or any elastic material, but the velocity is so high and the 
amplitude so small that the eye cannot follow them. 

In all the cases so far discussed the vibrations of the elements of 
the medium have been at right angles to the direction of propagation. 
Such waves in general are called transverse, and they evidently 
require for their transmission a medium which offers elastic resistance 
to distortion or change of shape; hence they cannot be transmitted 
through fluids. Longitudinal waves are those in which the vibration 
of the parts of the medium are in the direction of propagation. The 
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arrangement of heavy balls connected by springs will illustrate this 
type of wave if we give a longitudinal to-and-fro displacement to the 
first ball. In this case it is the resistance of the springs to compres¬ 
sion which acts as restoring force, and as the wave travels along the 
balls will alternately bunch together and spread out, giving regions 
of compression and of rarefaction. The positions at any instant of 
the particles of a medium transmitting a longitudinal wave can be 
represented by a curve if we use the displacements at each point as 



Fig. 145. — Longitudinal Waves 


ordinates, plotting displacements to the right upward from the axis 
and those to the left downward from the axis, as in Fig. 145. 

Longitudinal waves can be transmitted through any medium which 
offers elastic resistance to change of volume, that is through any form 
of matter, solid, liquid, or gas, and the velocity is given by v = VJsfp 
where E is a measure of the elastic reaction (Sect. 88) and p the 
density of the medium. The commonest example of longitudinal 
waves are those of sound; but earthquakes also give rise to longitudi¬ 
nal, as well as transverse, waves which travel with a velocity of a 
few km./sec. through the earth and record the occurrence on seismo¬ 
graphs thousands of miles from the center of disturbance. 

132. Combination of Two Waves of Nearly Equal Frequency. If 
two wave trains of nearly equal frequencies travel with the same 
velocity their wave lengths will be nearly equal, since they are equal 
to the common velocity divided by their respective frequencies. If 
these two waves act upon a particle its resultant vibration is most 
simply deduced graphically as in Fig. 146. In this curve (a) repre¬ 
sents the displacements at a certain instant of time at various points 
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due to one wave train, curve (6) the displacements at the same in¬ 
stant and at the same series of points due to the second wave train 
and curve (c), obtained by ' 

simply adding the corre- (a)- A A A A A A A A . 


simply adding the corre- (a)- A A A A A A A A 
sponding ordinates of (a) and W \J \J \J \J \J \J 

(1 b ) taking account of sign, AAAAAaaa 

represents the resultant dis- ® l / ' V \J V V \f\f\f\f\P ~ 
placement at the same in¬ 
stant. As time goes on, (<j) A A A A A A A 
since the two trains advance \J V 7 W \j 1 / \ / v 

with the same velocity, the (o) 0ne wave Train 17 

effect is that curve (c) ad- (6) The Other Wave Traill 

Vances with this velocity. M Resultant Vibration of Particle 

It is obvious that as the FlG ' 146 ' “ Combination of Two Wave Trains of 
resultant wave (c) acts on eaxly Equal Frequeney 

a particle the latter will vibrate with approximately the frequency 
of either wave but that the amplitude of its vibration will fluctuate 
periodically. This is again the phenomenon of beats and as dis¬ 
cussed in Sect. 127 the frequency of the beat is equal to the differ¬ 
ence of the frequencies of the two waves which produce the beats. 

★ 133. Electromagnetic or Radio Waves. These are waves which 
produce at every point as they pass both an electric and a magnetic 

vibration that is, an electric 

Magnetic Vector -frvrrxa a £ - 1 * 


Fig. 147 


Magnetic Vector force and a magnetic force which 

Direction of Propagation V ° c ^ ec t° r both Vary as T COS (2 xt/? 7 ), T 

being the period of the vibra¬ 
tion. We cannot obtain any 
Fig. 147 direct sensory proof that such 

“electromagnetic waves” exist, 
as we can in the case of waves of. mechanical displacement, but 
indirectly we are led to the conclusion that the periodic electric 
and magnetic disturbances at a point are at right angles to each 
other and to the direction in which the waves are moving, as 
shown in Fig. 147. More concretely stated, the conclusion is that 
an electron (or other electric charge) in the path of the wave would 
be acted on by a periodic transverse electric force resulting in a 
vibratory motion of the electron, and in a similar way a single mag¬ 
netic pole (“north” or “south”) would be acted on by a periodic 
transverse magnetic force. The evidence that these actions are 
transverse will be considered in discussing light, and other aspects 
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of them in electricity and magnetism. All that is desired here is that 
the student should get the general idea that any measurable quantity 
can be considered as varying in magnitude periodically with the time 
according to the equation magnitude = r cos cot. Whether such vibra¬ 
tions can be transmitted as a wave must be ascertained in each case 
separately. 


134. Reflection of Waves. Consider again the single crest which 
can be made to travel along a stretched rope as previously described 
If the far end of the rope is rigidly fixed it will be found that a crest 



will be reflected as a trough, and 
vice versa, that is the phase will 



Fig. 148 


be reversed, as shown in Fig. 144 
This is equivalent to a change in 
phase of x. In general whenever 


a wave traveling in one medium 
reaches the boundary of a different medium, as for example a wave 
along a rope comes to the junction of the rope with an iron wire as in 
Fig. 148, at least partial reflection will occur. There will be a small 
reflected wave, and a transmitted wave into the second medium, and 
if the second medium is more dense or more rigid, or both, the reflected 
wave will be reversed in phase. If the second medium is lighter or 
less rigid there will be no reversal of phase of the reflected wave. 

A train of transverse waves traveling along a stretched rope will 
be reflected from the end, and if this is rigidly held we must allow 
for the reversal, that is the phase change of x, in considering the 
phase of the reflected wave 


at any point. That is, we 
must say that at the in¬ 
stant when a crest arrives 
at the end, a reflected 
trough starts back. This 
can be represented graph¬ 
ically by imagining the 
dotted wave train back of. 
the fixed end, Fig. 149 (a), 



Fig. 149 


to move out in front forming the reflected wave. The dotted wave 
has been drawn so that as it moves to the left it is always, at the fixed 
end, just out of phase with the oncoming incident wave. Thus the 
resultant effect of the two waves produces what are called standing 
waves, I ig. 149 ( 6 ), in the cord and the amplitude is always zero at the 
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fixed end, as it must be. We must also consider the reflection of longi¬ 
tudinal waves, which can be well illustrated with the same arrangement 
of heavy balls connected with spiral springs, shown in Fig. 145. If a 
compression pulse is sent along such a train of balls it will be found 
that if the far end is rigidly held the pulse will be reflected as a com¬ 
pression, i.e., without change of phase , while if the far end is free a 
rarefaction will be reflected, i.e., there will be a change of phase of t. 

135. Standing Waves. There is occasionally to be observed on a 
lake a disturbance in which parts of the surface move up and down 
but the pattern does not move. This is a complicated example of 
so-called standing waves which are really not waves at all; they are 
vibrations in which different 
points oscillate with different 
amplitudes but the same 
period. Another and simpler 
example is a stretched string 
such as that of a violin or 
cello, which if plucked at the 
middle vibrates with ampli¬ 
tudes which vary from a 
maximum at the center to 
zero at the ends, all points vibrating in the same phase. The two 
extreme positions of the string are shown in Fig. 150 (a). If the 
string is touched at the middle and plucked or bowed at the quarter 
point it will vibrate in two segments, Fig. 150 (6), the vibrations of 
one segment being out of phase with those of the other. In a similar 
way it can be made to vibrate in three or more segments, the vi¬ 
brations of adjacent segments being of course always out of phase 
with each other. The restoring force on an element of the string 
is the pull of the string on either side of it. The points of zero 
amplitude are called nodes, those of maximum amplitude loops, or 
antinodes. 

Such vibrations can be analyzed into, or considered as due to, 
two wave trains of equal amplitude and wave length traveling in 
opposite directions along a cord (or through a medium), which 
combine to produce the standing waves. For example the standing 
waves on a lake, before referred to, are usually caused by the inter¬ 
ference of a train of waves approaching a shore with a second train 
which results from the reflection of the first set at the shore. The 
result can best be understood by considering a series of diagrams 



Fig. 150. — Standing Waves 
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such as those in Fig. 151 which show the resultant displacement 
due to two wave trains at a few successive instants of time. The 
resultant is found by adding the displacements due to each wave 
at each point, having regard to sign, and it is evident that certain 
fixed points, the nodes, are always at rest, while certain other points, 

the loops or antinodes, have 
a maximum vibration. The 
nodes are a half wave length 
apart and the loops are half¬ 
way between them. From 
the last curves in Fig. 151 it 
is evident that the maximum 
displacement of any point be¬ 
tween the nodes is twice the 
ordinate of one of the wave 
curves. Thus the rope ap¬ 
pears to be' divided into seg¬ 
ments, the vibrations of adja¬ 
cent segments being opposite 

Fig 151. — Standing Waves Produced by a m 
Combination of Two Wave Trains of Equal Since simple harmonic longi- 
Amplitude and Wave Length Traveling with tudinal waves Can also berepre- 
the Same Velocity in Opposite Directions . , , . .. „ .. 

sented by sme curves, lt'follows 
that the foregoing discussion can be applied at once to the case of 
longitudinal standing waves. If the solid curve of Fig. 145 represents 
the instantaneous displacements in a standing longitudinal wave, and 
the row of particles below the result of applying these displacements 
to the uniformly spaced particles, it is evident that at the nodes 
(JVi, N 2 , N z ) there is alternately an accumulation and a scarcity of 
particles; that is, a maximum change in density, while at the loops 
(Li, I/ 2 ) there is no change of density but a maximum displacement. 
The solid lines of Fig. 150 can represent the limits of motion, or the 
maximum displacement of the particles from their equilibrium posi¬ 
tions, for either transverse or longitudinal standing waves. 
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136. Introduction. We live and move in a world of sound. Ob¬ 
jects about us, such as the trees swaying in the wind, water running 
down streams, waves rolling on the beach, and all the moving ma¬ 
chines in a city, produce sounds. The movement of the objects 
causes waves in the air which surrounds us, and many of these waves 
act on the drums of our ears which, in turn, transmit the vibrations 
to the nerves that give us the sensation of sound. There is a physi¬ 
cal basis of sound in the production and transference of waves in 
a medium and also a physiological, or psychological, aspect that 
deals with the interpretation of such movements by the brain. In 
a book such as this we consider only the physical basis of sound. 

When the keys of a piano are played, a bell is rung, or a violin 
string bowed, sounds are produced which cause different sensations 
on the normal ear. A musical note is pleasing to the ear; a noise 
is a sound, or group of sounds, which is not pleasant to hear. There 
are also sounds and noises which the human ear does not hear, but 
which animals do, and they too may be studied by physical means. 
Such sounds are called ultrasonics, but they 
obey the same laws as the ordinary audible 
sounds. In the following pages the physical 
properties of sounds, how they are produced, 
propagated, and detected, will be studied. 

137. Production and Transmission of 
Sound. It is a matter of common experience 
that in order that a body may emit a sound, 
it must be in a state of vibration. This fact 
may be illustrated by a number of experi¬ 
ments both interesting and instructive. A 
glass bowl (Fig. 152), with a number of light 
balls hung so as to touch the rim, when stroked with a violin bow, is 
made to vibrate as indicated by the violent motion of the balls. A 
tuning fork, provided with a light stylus, or bristle, may be struck 
with a rubber hammer so as to produce a note. If now the stylus is 
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Fig. 153 



drawn across a piece of smoked glass, touching lightly on the surface, 
the trace will show a well defined motion of the prong (Fig. 153). Or 
again, when one prong of a vibrating tuning fork is gently touched 

to the surface of water in a dish, 
the water is strongly agitated. A 
sounding fork brought near a sus¬ 
pended pith ball will knock the ball 
violently away indicating the mo¬ 
tion of the prongs. When a metal 
rod, supported at its center in a clamp (Fig. 154), is rubbed length¬ 
wise with chamois on which a little resin has been dusted, the rod will 
emit a sound due to the longitu¬ 
dinal vibrations of the rod. A 
light ball resting against the end 
will be set in motion by these 
vibrations, proving the nature 
of the motion of the rod. 

When the motion of a sound¬ 
ing body is stopped, the sound 
ceases also. Hence t he fi rst 
r equisite in t he production of 
s ounds is a vi bratingjbody. On 
investigating the nature of these vibrations, we find that the sound¬ 
ing body is vibrating with simple harmonic motion, or with a com¬ 
bination of simple harmonic motions, 
as discussed in Sections 125, 126. 
Tha».yibrating. source of sound will 
have a fundamental periodj 
and frequency / which , . T 

where/will be the number of vibra¬ 
tions per second. 

In order that the vibrating source 
may be heard or detected, its vibra¬ 
tions must be transmitted to the point 
of detection. Sound is conveyed through the forced vibrations of a medium, 
which is usually air, but may be any gas, liquid, or solid. To illustrate 
the truth of this statement, we may place an electric bell under the 
receiver of a vacuum pump (Fig. 155). When the air is present and 
the bell properly suspended by light rubber threads, the sound of the 
ringing bell may be heard easily. If now the air is exhausted by means. 


Fig. 154 
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of the pump, the sound of the ringing bell will diminish and finally 
cease when the air is completely removed. The motion of the bell 
hammer will show that the bell is still ringing, but no sound reaches 
the observer, since the medium, in this case the air surrounding the 
bell has been removed. The fact that sound travels readily through 
liquids is utilized in submarine signalling. The sounds from bells 
rung under water are sent from one ship to another or to^a light¬ 
house and heard by a receiver consisting of a tube covered at one 
end with a diaphragm which is placed in the water, and the other 
end ter mina ting in a cap fitting over the ear. The construction of an 
ordinary stethoscope, used for listening to the action of the heart 
and lungs, is similar in principle. Solids also transmit sound. 
The approach of a distant train can be heard by placing the ear to 
the iron rail, because sound passes along the rail while the train is 
yet too far away for its noise to be heard through the air. The 
passage of sound along a string is well illustrated in the toy tele¬ 
phones made by stretching a string fastened at each end to a piece 
of parchment paper that is glued to the end of a short cardboard 
cylinder. The vibrations coming from the mouth of the speaker 
at one end through the air cause the parchment to vibrate. The 
oscillations are transmitted through the string to the parchment on 
the receiving tube and may be heard by the listener. 

138. Sound Waves. Sound waves may be either transverse or 
longitudinal. In solids the particles vibrating about their positions 
oflq'uilibrium may have a motion perpendicular to the direction of 
propagation of the wave, in which case the wave is said to be trans¬ 
verse. Or the motion of the individual particles may be in the same 
direction as the direction of propagation when the wave is called a 
longitudinal wave. 

WhGEL a rope, tied. at one end to a wall, is held horizontally by the 
other end with the hand, a rapid up-and-down motion of the hand 
will cause a wave to travel along the rope to the wall. The motion 
of the particles in the rope move in a vertical plane, but the wave 
travels horizontally. This is a transverse wave. When the string 
of a violin or banjo is plucked, such transverse waves are produced 
on the string. 

Let a spring AD, Fig. 156 (a), with a number of equal masses, 
A, B, C, etc., uniformly spaced along its length, be supported hori¬ 
zontally by a number of vertical cords, as indicated. If the portion 
of the spring AB be compressed by pushing the ball A towards B, 
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Fig. 156 (b), a compressional wave will be seen to move along the 
spring from A to D. This compressional wave will be followed by 
a rarefaction in which any two balls will be farther apart than their 

normal separation. In this case 
the wave travels along the same 
direction as the motion of the 
(a) individual particles and so is 

called a longitudinal wave. 

When a sound travels through 
\ a gas or liquid the same type of 

\ longitudinal wave is produced. 

(5) If the mean position of the par- 

tides in their equilibrium state 
be represented by a series of 
parallel lines, Fig. 157 (a), then a compression made at one end (6), 
will be found to travel through the fluid, as indicated by (c). The 
fluid when given a sudden compression will “spring” back owing to 
its elasticity, striking neighboring 
particles which in turn do the 
same. The longitudinal wave is ^ 
thus carried through the fluid. 

It is to be noted that a compres¬ 
sion is always followed by a rare- (6) 
faction where the particles are 
farther apart than, they normally 
would be. 

In a homogeneous, or uniform, 
region free from obstructions, 

sound travels in straight lines _ _ _ “7 

, ,, . , £ „ Jz . Fig. Ia7. — Compressional Wave in a Fluid 

and the intensity falls off inversely 

as the square of the distance from the source. This is not true when 
the medium is not homogeneous, or contains obstacles, for sound 
shadows are well known. Just as obstacles cause shadows from a 
light source, so do obstacles cause shadows from a sound source. 
The waves of sound, however, pass round an obstacle in much the 
same way as water waves pass round a rock. For example, the 
sound of a whistle can be heard behind a building, though the whistle 
cannot be seen by the observer. 

139. Reflection of Sound. The fact that sound waves may be re¬ 
flected is familiar to all who have heard thunder among the hills or 


Fig. 1o7. — Compressional Wave in a Fluid 
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mountains, when a clap of thunder is reflected back and forth pro¬ 
ducing the familiar echoes. Many locations in lakes and valleys 
are known where the echoes of the reflected sounds are particularly 
good. The famous “whispering gallery” of St. Paul’s Cathedral in 
London and the similar one at the Capitol in Washington are ex¬ 
amples of how feeble sound may be reflected by a curved surface 
and heard distinctly on the opposite side; the sound, “creeping” 
round by repeated reflections at short in¬ 
tervals around the dome, is not reflected e 

directly across. 

The laws of reflection of sound are the 
same as those of light and may be dem¬ 
onstrated by a simple experiment. A 
source of sound, such as a ticking watch, 
or whistle of high pitch, is placed at A 
(Fig. 158) on the end of a smooth metal whistle 
tube AB, two or three feet long. A glass 
or metal mirror E reflects the sound that Fl0 . 1S8 . _ R efl“ tion of SoU nd 
goes along AB , while a second tube CD, 

provided at its end with a rubber tube leading to the observer’s ear, 
or some other detector of sound, is then adjusted by varying the angle 
it makes with E until the sound received along it is a maximum. It 
will be found that the axes of the two tubes make equal angles with 
the normal to the reflector E. From this experiment and others of 
a similar nature, we conclude that: 

The angle of reflection r is equal to the angle of incidence i. 

This property of sound waves has many applications. There are 
still to be found in many an old house “speaking tubes” by which 
the sounds of speech were guided along the smooth walls of the tube 
from one part of the house to another. There are no sharp bends 
in these tubes, but all corners are rounded, otherwise the sound would 
be reflected back and interfere with the oncoming waves. 

The megaphone reflects the sound so that it is confined for the 
most part to a given direction and does not spread out and become 
dissipated. So also the mouthpiece of the telephone transmitter 
gathers the sound into the microphone. The surface must be smooth, 
for roughness not only scatters the sound but also causes eddies 
which dissipate the energy. 

The laws of reflection of sound from curved surfaces may also be 
illustrated by using two parabolic mirrors twenty or thirty feet 
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apart, as in Fig. 159, and placing a source of sound such as a watch 
at the focus of one of the mirrors A. The sound will be reflected 
as a parallel beam owing to the curvature of the mirror. A second 
similar mirror at B collects these waves at the focus and a funnel 
with tube leading to the ear will make it possible for an observer to 



Fig. 159. — Laws of Reflection of Sound Illustrated by Parabolic Mirrors 

hear the tick of the watch which would be inaudible elsewhere in 
the neighborhood of the mirror. 

140. Refraction of Sound. When a sound wave passes from one 
medium to another of different density or elasticity, the direction of 
propagation may be altered or refracted, and the laws of refraction of 
sound are the same as those of light. Thus a rubber bag in the shape 
of a lens (Fig. 160) when filled with a heavy gas, such as carbon 



dioxide, will concentrate the sound of a watch or whistle to a point; 
just as a similar lens will concentrate the light from a source to form 
an image. This refraction of sound accounts for certain zones of 
silence that sometimes occur near a foghorn. Ships have run on 
rocks from not having heard the warning of the fog alarm. The 
variations in density of the air cause refraction of the sound which 
may be bent away from a region instead of proceeding in straight 
lines, as it does in a homogeneous atmosphere. Thus these variable 
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zones of silence have resulted in shipwrecks when sound from fog 
alarms was the only means of notifying skippers of danger, but with 
the advent of wireless telegraphy and its application to direction¬ 
finding, such dangers are now much reduced. 

In war, gunfire may sometimes be heard fifty miles away when it 
cannot be heard twenty miles from the source, the sound having gone 
high in the air. 

141. Effect of Wind on Sound. Zones of silence may also be 
caused by wind. In the absence of wind, sound waves travel from 
a source S . (Fig. 161) with equal 
velocities in all directions, so that 
the wave front consists of a hemi¬ 
spherical shell of increasing radius. 

When there is a wind blowing to the 
right (Fig. 162) which has a low . . 0 , 

1 6 v & , Fig. 161. — Spherical Sound Waves 

velocity near the ground and high 

in the upper regions, the wave front becomes distorted. The direc¬ 
tion of propagation of the sound is always normal to the wave surface, 
and so the direction of the sound is bent, as indicated by the arrows. 
It will be seen from the diagram that in the direction of the wind the 
sound remains near the ground, while if in the opposite direction, the 
sound is bent up away from the ground. The sound is heard readily 
by an observer on the ground towards whom the wind is blowing from 




the source, but when the direction of the wind is from the observer, 
hearing is not good and zones of silence may occur in this direction. 
The sound is bent up into the higher altitudes to the left of the source 
in Fig. 162, and kept down near the ground to the right. 

142. Musical Tones and Noise. The difference between musical 
tones and noise may be very clearly illustrated by taking eight sticks 
of wood, all of the same width and length, but with the thickness of 
each strip so arranged that the strips when vibrating individually 
give respectively the frequencies of the eight notes of the musical 
octave. When the strips are thrown down on a table together, the 
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resulting sound constitutes a noise. If they are dropped separately 
in the proper sequence they produce the notes of the musical octave 
and in suitable combinations they yield musical chords which are 
pleasing to the ear. 

Every elastic object when struck gives its own note, the character 
of which will depend upon the point at which the blow is applied 
Thus a wooden pencil held at its lower end and struck against the 
edge of a table will give a whole series of different notes. The far¬ 
ther from the hand the point on the pencil which strikes the table 
the higher is the note or the pitch of the sound which is heard by the 
ear. In fact, a tune may be played with such a wooden rod. 

Investigation of musical notes shows that they have three charac¬ 
teristics; pitch, loudness, and tone quality or timbre. 

143. Pitch. The pitch of a note may be measured by the fre¬ 
quency of its vibrations. This fact was perhaps first discovered by 
Galileo, but it was proved in 1681 by Hooke, who used a toothed 
wheel rotated on an axle. When a card is 
pressed against the teeth, each tooth gives the 
card an impulse and the faster the wheel is 
rotated, the greater the frequency of vibration 
of the card, and the higher the pitch of the note. 
The French physicist Savart (1791-1841), in 
1830, used wheels with different numbers of 
teeth, all on the same axle, and he investigated 
fully the pitch of the different notes produced 
by a card pressed gently against the wheels. 
These transverse vibrations set up in the card 
are transmitted by the longitudinal vibrations 
of the air to the ear. By arranging holes in a 
circular rotating disk, and projecting a stream 

Fig. 163. —Siren of air against the disk, a number of pulses 
passes through the holes; the faster the wheel 
rotates or the larger the number of holes in the circumference, the 
greater the frequency of the note produced by these periodical 
puffs of air and the higher the pitch of the note. This instrument 
has been developed into the modern siren (Fig. 163), which measures 
the frequency of the note caused by a rotating wheel with a number 
of sloping bevelled holes equally spaced round its axis. This wheel 
is arranged coaxially on top of a stationary disk which has an ex¬ 
actly similar set of holes sloping in the opposite direction. When 
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air is driven through the holes of the stationary disk it makes the 
wheel turn and at the same time produces the pulses. Thesfe pulses, 
which vary directly with the speed, produce the note. Thus with 
8 holes in the disk, when rotating 200 times a second, the note will 
have a frequency of 1600. More accurate modern electrical meth¬ 
ods, using oscillating circuits and a loud speaker to transform these 
electrical oscillations into sounds of the same frequency, have been 
used to determine the limits of audibility. The normal human ear 
is able to hear sounds varying in frequency from 26 to 16,000, but 
these frequency limits vary with the individual and also in the same 
person with age; the older one becomes, the shorter the range, the 
upper limit being much higher in children than in old people. At 
the same age, women can hear sounds of higher frequencies than men. 
Sounds above 20,000 vibrations per second are generally beyond 
the range of the human ear and are called supersonics. Experiments 
with certain animals reveal the fact that they hear pitches as high 
as 40,000. 

144. Loudness. There are factors other than pitch which limit the 
audibility to the ear. One o f these is the intensity of the. sound with 
which the loudness varies, .logarithmically (see Sect. 166). The in¬ 
tensity of a given note depends upon the amplitude of the vibration, 
and"theory and experiment alike show that intensity is proportional 
to the square of the amplitude of a vibration of given frequency. 
The reader ■will remember that the amplitude of a wave is the maxi¬ 
mum displacement of a particle from its position of rest. By striking 
a tuning fork gently a very faint note will be emitted, but a larger 
blow will cause the prongs to vibrate with increased amplitude and 
consequently the note will be louder. 

146. Tone Quality. The third property of a musical note is its 
t one qu ality or timbre. Thus a tuning fork, a violin string, and an 
organ pipe may all produce a note of the same fundamental fre¬ 
quency, or pitch, with equal loudness, but the sound from any one 
instrument can readily be distinguished from the other two. This 
property, which distinguishes a note of the same pitch from differ¬ 
ent instruments, is called its tone quality. Investigation shows 
that a vibrating body may have, in addition to its fundamental 
frequency, certain harmonics, also present, which are frequencies 
that are simple multiples of the fundamental. The number and 
relative intensity of these harmonics determine the quality of the 


note. 
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A tuning fork, when bowed properly, vibrates with a single simple 
ha rmonic motion and gives a pure tone. The vibration is simple 
harmonic, as shown by the trace it makes when its vibrations are 
separated out (Fig. 153). If, on the other hand, the fork is struck 
a blow with a hammer so as to produce the familiar clang, the 
resulting sound is no longer a pure tone. In other musical instru¬ 
ments such overtones as well as the fundamental are present, and 
this fact gives these instruments their individual qualities. An 
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I^iu. 105. — An Experiment 
Illustrating Resonance 


analysis of the overtones present and the relative intensities of each 
for a few typical instruments are shown in Fig. 164. 

146. Resonance. The term resonance refers to the production of a 
sound by one body due to the stimulus of a second which is emitting 
a sound. This occurs when the two bodies have the same frequencies. 
Thus if two drums having the same natural frequencies are placed 
close together and one drum is beaten with a stick, it will be found 
that the other drum will commence to vibrate. .Such sympathetic _ 
vibrations are caused whenever two bodies have the same natural 
frequencies. When a tuning fork is held over the mouth of a tall 
vertical jar and water is gradually poured into the jar, a level will 
be found, A (Fig. 165), at which the sound becomes very much louder. 
On adding more water, this point will be passed and the sound be¬ 
comes less intense again. If the jar is a tall one, several such posi¬ 
tions of the water level may be found ( B , C ). The explanation of 
this increase in loudness of the sound is that the natural period of 
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vibration of the column of air in the jar is the same as that of the 
fork, or a multiple of it. While the prongs of the fork E go through 
one quarter of their cycle of motion, the sound travels from D to C. 
Thus a compression from the prong F as it moves down from its 
position of equilibrium, travels from D to C in air by the time the 
fork reaches its lowest position. This compression is reflected and 
reaches the opening D by the time the fork returns to its equilibrium 
position. The continued motion of the prong upward past the 
equilibrium point and the reflected compressional wave from the 
opening of the tube combine to send a rarefaction downward. This 
rarefaction moves from D to C and back to D, while the fork com¬ 
pletes the last half of its oscillation. Thus by adjusting the level C 
to the proper height, the column of air CD will vibrate in unison with 
the fork and the sound emitted will be much louder than if the fork 
is vibrating alone. If the depth is not correct, there will be no 
resulting sympathetic vibrations of the air column. It is evident 
that the length of DC is the distance sound travels in air during 
one quarter of a vibration of the^fork, which will be one fourth of 
the wave length of the note. By adjusting the position of the water 
in the tube so that an additional wave length is added to the path, 
sympathetic vibrations of the air column will again be set up. This 
will occur when CB is one half the wave length. This phenomenon 
is known as resonance, and for a tube like that described, resonance 
is found for depths of J, f, f, etc., of a wave length. Actually the 
first resonance point C is not quite one fourth of a wave length 
below the opening, since the air column moving in and out behaves 
as if the tube were a little longer. The extra 
length to be added in the case of circular tubes 
is approximately equal the radius of the tube. 

The phenomena of resonance in sound may be 
shown in various ways. If a tuning fork be 
placed on a wooden box, called a resonator, closed 
at one end and of length equivalent to a quarter 
of the wave length of the note of the fork, the . _ . 

column of air m the box Will oscillate m Fork with Resonator 
sympathy with the fork, and a much louder sound 
will come from this mass of air than from the fork itself. For this 
reason, tuning forks and other vibrating instruments are placed on 
resonators. Two forks of the same pitch, fitted with resonators 
(Fig. 166), may be used to demonstrate resonance in a striking 
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manner. Bow one fork, and after a few seconds stop it by touching 
the fork with, the hand. The second fork will be found to have 
picked up the note by resonance and to be in a state of vibration. 

Resonance is a very important phenomenon in mechanical and 
electrical systems as well as in sound. Soldiers in marching across 
a bridge break step to prevent impacts of the feet from causing violent 
vibrations in the bridge structures, which through resonance might 
cause the bridge to fall. Similarly in electrical circuits, electrical 
oscillations are detected in radio by tuning to resonance with the 
oncoming waves. It sometimes happens in a room that while play¬ 
ing a piano, certain notes cause objects in the room which have the 
same natural frequencies to vibrate by resonance. 

147. Interference of Sound Waves. Two sound waves may be 
made to interfere and produce regions of small amplitude or of silence. 
Standing waves may be caused by vibrations from two separate 

sources or by vibrations 
coming from one source 
^by different routes. (See 
, r-. Sect. 130.) The case of 

I x transverse waves on wires 

W w was investigated by Melde 

(1832-1901). A wire or 
v~y cord with one end fixed to- 

Jbl a prong of an electrically 

XX driven tuning fork has a 

Fig. 167. — Standing Waves Weight attached to its 

other end which hangs 
over a pulley, as shown in Fig. 167. When the fork is vibrating 
and the proper tension applied to the wire by altering the weight 
W, the wire will settle into standing waves, in which certain points 
marked N will appear stationary. The points midway between the 
nodes N are places of maximum displacement L, called loops. The 
number of these segments for any given wire will depend upon the 
tension. The distance between adjacent nodes or loops is one half 
wave length. The waves traveling from A to B are reflected at B 
and meet the oncoming waves from A in such a phase that the 
standing waves are formed. 

Longitudinal standing waves are obtained readily in gases. The 
waves set up in resonance tubes are of this type and will be discussed 
more fully in connection with organ pipes. 



BEATS 


171 


148. Beats. When two notes of slightly different pitches are 
sounded together a periodic rise and fall in intensity of the sound 
occurs. This throbbing of the loudness of the sound is called beats 
and the number of throbs per second is the number of beats heard 
per second (Sect. 132). 

The explanation of beats may be understood from Fig. 168 which 
represents two waves A and B of different frequency which, however, 
travel with the same velocity. The effect of these two waves is as 
if a wave C travels with 
the same velocity, the am¬ 
plitude of any part of the 
wave C being obtained by 
adding algebraically the 
amplitudes of the corre¬ 
sponding points on the 
waves A and B. It is 
quite evident that this 
would give the effect of 
beats for it results in a 
periodic decrease and rise 
in intensity of the sound. 

This is shown graphically 
in Fig. 168, in which the waves from two tuning forks of slightly 
different frequencies, fi and / 2 , are represented by sine curves and the 
resulting displacement of the particles is shown by the curve C. The 
combination wave shows periodic large amplitudes at L, and minima 
at M. If fi is greater than / 2 the number of beats or reenforcements 
per second may easily be shown* to be fi — / 2 . (See Sect. 127.) 

The production of beats may be illustrated experimentally by 
taking two tuning forks of the same pitch mounted on resonators and 
loading the prongs of one of the forks with wax or little clips. This 
will lower its pitch slightly because of the increase in mass, which 
makes the fork vibrate more slowly. When both forks are vibrating, 
beats will be distinctly heard, and the number per second gives the 
difference in the pitch of the two forks. To demonstrate that the 
number of beats depends on the difference of frequencies, two large 
electrically driven forks are used. The prongs of one of these forks 
are hollow and mercury may be forced up into these prongs by turning 
a handle in the base. The pitch of the fork with constant frequency 

* The simple mathematical proof is in the footnote on page 172. 



Fig. 168. —Beats from Two Tuning Forks 
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is slightly less than that of the variable one. As the level of the 
mercury rises in the fork, the pitch decreases and the number of 
beats per second between the two forks may be gradually adjusted 
from a large number to one every few seconds, and finally the forks 
may be made to vibrate in unison. Further rise of the mercury level 
will cause beats to reappear because the fork with adjustable pitch 
which had a higher pitch than the other at first, now has a lower 
frequency. 

Beats are used by piano tuners in tuning a piano, and also by 
organ builders in producing low notes when space does not permit 
the use of pipes of sufficient length. For example, when there are 
126 beats between two pipes of much higher pitch, the beats may 
be heard as a note. 

149. The Velocity of Sound. It is well known that sound takes an 
appreciable time to travel from source to observer. Lightning and 
thunder occur simultaneously, but the thunder of a distant flash is 
heard very much later than the lightning is seen. A carpenter with 
a hammer working on a house may be seen to hit a nail in a board and 
after an interval, depending on how far away he is from the ob¬ 
server, the sound is heard. 

The velocity of sound may be obtained in different ways, which 

Let yi = a sin 2 wfii and 2/2=0 sin 2 Tf 2 t represent two waves whose frequencies 
/1 and fi are very nearly equal. Then the resultant wave may be represented by 

y = yi + 1/2 

~ Q> sin 2 Trfit -f“ o> sin 2 irf^t 
2 a cos 2 7 ! sin 2 ■ 


2 a cos 2 t rFt sin 2 1 


because C/i +/ a )/2 is approximately equal to /, when /, and /, are nearly equal 
F is written for f/ x - / 2 )/2. The resulting periodic curve will have an amplitude 
2 a cos 2 icFt varying from -2 a to +2 a as shown in Fig. 100. There will be two 
occasions in the wave length AB when there will be maximum loudness and hence 
the number of beats will be 2 F, or/, - f,, per second. Thus two tuning forks 
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giving frequencies 256 and 258 
when sounded together. 


respectively, will produce two beats per second 
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m ay be classified under the headings: by direct measurement; 
by indirect methods; and by theoretical considerations. 

150. Velocity Determined by Direct Measurements. Early ex¬ 
periments on the direct measurement of the velocity of sound were 
attended by many errors. The usual practice was to fire a gun and 
have observers stationed at some distance, sometimes several miles 
away, who, seeing the flash of the gun, would determine the inter¬ 
val of time until the sound was heard. When the distance to the 
gun was known, this distance divided by the time gave the velocity of 
sound in air. The velocity of the sound, however, depends upon the 
direction and velocity of the wind, the temperature and humidity, 
and the method of measuring the time introduces personal errors 
due to the reaction of the observer. By measuring the velocity in 
both directions, more accurate average results are obtained. Meas¬ 
urements made in this way give the velocity of sound as 332 m./sec. 
or 1089 ft./sec. at 0° C. Konig, following a method devised by 
Regnault, used a tube about 30 meters long, with a diaphragm at 
the end to which was attached a stylus. The stylus made a trace on 
a smoked piece of paper which rotated on a drum, and adjacent to 
this mark was the trace of a tuning fork of known frequency which 
acted as a chronograph (Sect. 20) for measuring the time. A gun 
firing a blank cartridge was the source of sound at the open end of 
the tube and the wave traveling along the tube made the diaphragm 
move on its arrival at the closed end. The wave was reflected, and 
after the firing of the gun the open end was closed, with the result 
that the wave was again reflected and traveled back to the dia¬ 
phragm, which registered the time of arrival on the paper. The 
time interval measured with the chronograph could be obtained ac¬ 
curately, the distance traveled by the sound was also known as 
twice the measured length of the tube, so that the velocity could 
be determined free from errors of the observer. 

Colladon and Sturm, in 1827, determined the velocity of sound 
in fresh water by a direct method. The source of sound was a 
hammer striking a bell under the water. At the same time as the 
bell was rung, a flash of gunpowder was ignited and the interval of 
time was recorded between the appearance of the flash and the 
arrival of the sound heard with an ear-trumpet under water by 
an observer nine miles away. They found the velocity to be 
1435 m./sec. (4708 ft./sec.). The velocity of sound in salt water is 
' not the same as in fresh water. Recent accurate determinations, 
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by A. B. Wood, using electrical recording instruments, gave the 
velocity of sound in sea water at 17° C. as 4955 ft./sec. at 35 per cent 
salinity. This difference in the velocity of sound in fresh and in sea 
water is accounted for by the fact that salt water is 3 per cent denser 
than fresh, while its modulus of compressional elasticity is 8.5 per 
cent greater. 

151. Velocity Determined by Indirect Methods. The velocity of 
sound may also be determined from the relation V = where V is 

the velocity of soundTJtne frequency of a 
^ note, and X its wave length. If the wave 

' JT% length X in air is measured by experiment 

y with a tuning fork, or other source of 

^ 2 sound of known frequency /, the velocity 

g Vz V of sound in air is simply the product 

g X*/. The experimental determination of 

|| X may be made in the case of gases with a 

U resonance tube by finding the positions of 

maximum loudness of the note as the level 
of the water in such a tube is altered, as 
1 already explained in Sect. 146. For this 
Fig. 170 .— Determination of the p Ur p 0se> it is convenient to have a reser- 

V M e So1 S Cincf bythe voir attached to the lower end of a tube 
4 or 5 cm. in diameter (Fig. 170) so 
that the level in the tube may be adjusted by altering the position 
of the reservoir. The vibrating fork is held over the open end of 
the tube and the first, second, and third positions of resonance 
found. The distance between the first and third points gives the 
value of the wave length of the sound, and thus the velocity may be 
calculated. 

152. Kundt’s Method. Kundt devised a convenient method of 


finding the velocity of sound in solids and gases. A rod AB of 
length l, is clamped at its center C (Fig. 171) and is provided with 
a light cork disk fastened to the end A. This end fits loosely into 
a long glass tube DE, at the other end of which is an adjustable 
plunger F fastened to a metal rod supported in a stand G. This 
plunger F may be moved along the tube to any desired position. A 
small amount of dry cork dust, or lycopodium powder, is placed 
along the bottom of the tube. The end B of the rod is now rubbed 


lengthwise with a piece of chamois, on which a little powdered resin 
is dusted, until AB vibrates longitudinally. The position of F is ad- 
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justed until standing waves are set up in DE between F and A. A 
series of nodes and loops will be formed, tbe cork dust being moved 
into little equally spaced heaps at the nodes N, Ni, etc. The distance 
s between any two adjacent nodes is one half wave length in air of 
the note emitted by the rod AB. Since C is a node and both A and B 
are loops, it follows from the discussion in Sect. 135 that l is half 
a wave length in the rod of the sound emitted. If V m is the velocity 
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Fig. 171. — Kundt’s Tube 


of sound in the metal and / the frequency of the note AB emits, 
then 

V m =f-2l 

Also the velocity of sound in air V a is / • 2 s. Hence 


Thus knowing the velocity of sound in air, the velocity in the 
metal V m may be found. By arranging to have the tube DE filled 
with different gases, the velocities of sound in these gases may be 
compared. Let s a be' the average distance between two adjacent 
heaps when the tube is filled with air and s g the corresponding 
distance when filled with a gas in which the velocity of sound V g 
is to be found. Then 



A very crude way of finding the velocity of sound in air by reso¬ 
nance is to move a tuning fork of known frequency mounted on 
a resonator slowly towards a wall. At certain distances from the 
wall, standing waves are set up which may easily be detected by 
an observer who moves out from the wall at right angles. Twice 
the distance between any two adjacent loops, positions of maximum 
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sound, gives the wave length X; and the product of this distance and 
the frequency of the fork gives the velocity of sound in air. 

Accurate measurements show that the velocity of sound is inde¬ 
pendent of the frequency of the note, which may also be deduced from 
the fact that music from a musical instrument, or from a band, 
arrives without confusion regardless of the various pitches of the note. 

153. Velocity Determined by Theoretical Methods. The third 
method is to use a formula due originally to Newton. From the 
discussion of longitudinal waves in Sect. 131 as shown by the 
model (Fig. 145), it will be evident that the velocity of the wave 
along the spring will depend upon two factors. The stronger the 
spring and the smaller the mass of the balls, the faster will the 
wave travel. The actual relation given by Newton for a continu¬ 
ous medium may be written 


where E is the elastic modulus of the medium, d the density of 
the medium, and V the velocity of the waves. The elasticity to 
be used depends upon the nature of the wave. If a purely com- 
pressional wave along a rod or wire, the elastic constant will be 
Young’s modulus; if a transverse wave, the rigidity (Sect. 90) must 
be used. The elasticity must be expressed in absolute units. 

Newton took the elasticity of the air to be equivalent to the pres¬ 
sure, supposing the sound wave to consist of isothermal compressions 
and expansions, and on measuring the experimental value along the 
cloisters of Neville’s Court of Trinity College, Cambridge, by an 
echo method, obtained a value which was too small. Laplace, 1816, 
showed that a sound wave travels so rapidly in a gas that the com¬ 
pressions and rarefactions take place adiabatically (Sect. 219) as 
there is insufficient time for the maintenance of an isothermal change. 
Hence the value of the elasticity E must not be taken as equal to the 
pressure P, but to jP when y is the ratio of the specific heat of the gas 
at constant pressure to the specific heat at constant volume, equiva¬ 
lent to 1.4 in the case of diatomic gases like air. The results thus ob¬ 
tained by Newton’s formula are in excellent agreement with those 
found by experiment in gases, liquids, and solids. 

It will be noted that the velocity of sound in air is independent 
of the pressure, since 


, r? 


V 
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and P/d is a constant from Boyle’s law for constant temperature. 
It follows also that the velocity varies directly as the square root 
of the absolute temperature since d/do = T 0 /T, the pressure P being 
constant. Or we may write the velocity 7 at a temperature t° C. 
in terms of the velocity Vo at zero degrees centigrade as 

V = 7» v'l + at 

where a, the coefficient of expansion of air at constant pressure, is 
1/273, or 0.00366. 

154. Measurements Involving the Velocity of Sound. The veloc¬ 
ity of sound in air at ordinary temperatures is about 1100 ft./sec. In 
a storm, the thunder is simply the noise of the lightning flash. They 
both occur simultaneously, but whereas light travels 186,000 miles 
a second and is seen by a distant observer practically at once, sound 
with a velocity of only 1100 ft./sec. will arrive much later. The 
distance in miles from the observer to a lightning flash may be 
estimated by noting the interval in seconds between observing the 
lightning and hearing the thunder, and dividing this time by 4.8, 
or roughly 5, since sound travels a mile in approximately 4.8 
seconds. 

From a knowledge of the velocity of elastic waves in the ground, 
it is possible to locate the approximate positions of earthquakes. 
For this purpose seismometers or seismographs, which are instru¬ 
ments for recording the arrival of earthquake shocks, have been 
devised. These instruments record the vertical and horizontal 
movements produced by the wave, and as there are three distinct 
types of waves produced in the earth by such disturbances, the 
longitudinal, transverse, and Rayleigh waves, each of which travels 
with a different velocity, the distance to the source may be deter¬ 
mined from the time-intervals between the arrivals of these various 
types of waves. 

Similar instruments have been used very successfully for locating 
salt domes in Texas, Louisiana, and other places in the United States 
and also in Europe. The method consists in making a miniature 
earthquake by using a charge of high explosive buried in the ground, 
and determining the times of arrival of the shock at the receivers, 
which are seismometers or earthquake recorders, placed at known 
positions with respect to the source of the disturbance. The times 
of firing the charge and the arrival of the shock at each instrument 
are recorded electrically on a moving film. Knowing that sound 
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travels faster through salt domes than through the ordinary rock 
it is possible to deduce from the travel-times to the various instru' 
ments, whether the wave has passed through a dome or not. These 
structures occur hundreds of feet below the surface, and when lo¬ 
cated are potential sources of oil 
which collects in pockets on their 
flanks. The method is used ex¬ 
tensively in geophysical prospect¬ 
ing by the large oil companies for 
determining underground struc¬ 
ture. 

Guns were located during the 
war by the sounds they ma de 
in firing the shells. Six micro¬ 
phones (Sect. 377) M h M t ,. .. jlf 6j 
Fig. 172. — Sound Ranging by Micro- placed anywhere from One 

phones third of a mile to a mile apart 

along a base line as shown in 
Fig. 172. These microphones were connected by wires to a record¬ 
ing apparatus G, which gave the time intervals between the arrival 
of the sound at the various microphones. Knowing these time in¬ 
tervals and the positions of the microphones, and making use of the 
value of the velocity of sound, it was possible to locate the position 
of such a source of sound with an error of only 50 yards in 10 000 
yards. Using this method of sound ''' 



ranging, many guns were located 
during the Great War. 

The direction of a source of sound 
can also be determined by the 
binaural effect which most individuals 
possess to a remarkable degree. Such 
persons are able to turn their heads 



Fig. 173. — The Geophone 


so that the sound arrives at both ears simultaneously, or in phase, 
and they face the direction along which the sound is traveling. 

By using two instruments called geophones, the direction of 
propagation of a sound wave may be found quite accurately. The 
geophone (Fig. 173) consists of a wooden box about 3 inches in 
diameter, and 2 inches deep, containing a heavy mass of mercury 
eld between two thin sheets of mica in a hollow cavity. There is 
an air space above and below the mica, and the region above is 
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connected by a tube to one ear of the observer. When the instru¬ 
ment is placed on the ground, a sound impulse coming through the 
ground moves the box; but owing to the inertia of the heavy mass of 
mercury, the mercury lags behind the motion of the box, causing 
compression, or expansion, of the air in the space above the mica 
sheet. This series of compressions and rarefactions in the air space 
is communicated to the ear through the tube, producing an audible 
sound. By using two such geophones, one connected to each ear 
of the observer, the geophones may be so placed by the observer 
that the line joining the two receivers will be perpendicular to the 
direction of the source of the sound. Electrical microphones or 
hydrophones placed in water, one on each side of a ship and con¬ 
nected each to one receiver of a pair of headphones, are also used 
for finding the direction of a source of sound under water. It is 
not always practicable to alter the direction of the base line until 
the sound arrives in phase at 
both microphones, so compen¬ 
sating devices are used by 
which the length of the path 
of the sound from one of the 
receivers to the ear may be 
altered with respect to the 
other, until the two sounds 
arrive in phase at the receivers, 
though out of phase at the 
microphones. A simple acous¬ 
tical system of this kind is 
shown diagrammatically in 
Fig. 174. The microphones, 
or hydrophones, Mi, Mi, are 
placed in the side of the ship 
and the sound arrives from the direction indicated by the arrows. It 
is seen that the sound arrives at Mi before it does at Mi, the path 
difference in water being AMi. The sound from the microphone Mi 
is transmitted electrically to the telephone receiver Ri, and from 
Mi to the receiver Ri. The position of these receivers in the tubes 
leading to the ears Ei and Ei of the observer H may be altered until 
the observer hears the sounds arrive in phase. The difference in 
path in air DC of length l is equivalent to the difference AMi in 
water; that is, sound travels over these two distances in the same 



Fig. 174. The Principle of Direction Find¬ 
ing by Sound 
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time. Hence if x is the distance AMi, then 


where TV and V a are the velocities of sound in water and air re¬ 
spectively. When the base line MiM% is known and x found by- 
experiment, it is a simple matter to find the direction of the source. 
Three microphones may be used to find the actual position of the 
source, since the reading with two microphones only gives the line 
of travel of the sound and not the direction of its propagation. 

Many ships are now equipped with depth-finding apparatus de¬ 
pending upon similar principles. An apparatus carried on the hull 
of the ship sends out a few vibrations of a high pitch. When this 
signal is sent from the bottom of the ship, a hand on a dial is im¬ 
mediately started, like the hand of a large clock. The sound travels 
to the bottom of the ocean, is reflected back, and when the echo 
reaches the microphone on the hull the receiving microphone makes 
a signal which stops the hand on the dial. The time the hand has 
been in motion is the time it takes sound to travel from the ship to 
the bottom and return to the ship, and, if the scale is calibrated 
directly in the distances the sound travels in sea water in half the 
time, it will read the depth to the sea bottom at the point where the 
observation is made. 

155. Doppler’s Principle. The relative motion of the source of 
sound and the observer makes a difference in the pitch of the note 
heard. This is familiar to anyone who has stood by an approaching 
train blowing its whistle, for as the train approaches he hears a 
certain note which is in reality higher than the actual pitch of the 
whistle. When the train passes, the pitch of the whistle falls to 
a lower note than the true pitch. The effect may be illustrated by 
waving back and forth in the hand an electrically driven tuning 
fork of high pitch when its note will be heard to vary. This change 
in pitch was investigated by Doppler. The modified pitch can be 
calculated as -the following cases will indicate. 

1. Source stationary , observer moving. Let a stationary source of 
sound be emitting a note of frequency /, and let an observer be 
approaching this source with a uniform velocity v. We may sup¬ 
pose the air filled with wave lengths of sound X = V/f traveling 
from the source S with velocity V (Fig. 175). If the observer were 
stationary at 0, / of these waves would pass him per second and he 



DOPPLER’S PRINCIPLE 


181 


would hear the pitch /. However, during the second he advances 
a distance v to O', and he will hear, in addition, an extra vibration 
for each wave length in the distance 00'. This number will be 
OO'/X or w/A. Hence the apparent frequency f which he will hear is 

. ^ 

If the observer had been receding from the source, he would hear 
fewer vibrations, given by _ -- 


For example, if a factory whistle produces a note of pitch 1000 and 
an observer on a motor car approaches the whistle with a velocity 

o /V 7 k 

Fig. 175. — The Doppler Effect Fig. 176. — The Doppler Effect 

100 ft./sec., the pitch of the note he hears, the velocity of sound 
being 1100 ft./sec., will be 

= iooo [i + t \ 0 A] = iooo [i + 

= 1000 • j| = 1091 approximately 

If he were receding with the same velocity from the whistle the pitch 
would be 909. 

2. Observer stationary, source moving. Suppose the source S 
(Fig. 176) is producing a note of pitch / and is approaching the 
observer O with a velocity v. Let S for simplicity be at a distance 
V from O, where V is the velocity of sound in air. Then the first 
of the/ vibrations, given out by the source when at S, will just arrive 
at the end of one second at O, while the /th vibration will be given 
out when S has advanced to S', a distance v. Since the sound is 
supposed to travel faster than S, there will be / vibrations between 
S' and 0. Hence the apparent wave length A' of the note will be 
S'O/f. But /'-A' = V where f is the frequency the observer hears. 
Therefore 

. 7 S'O V-v 
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which may be written 


If the source is receding from the stationary observer, we obtain 


As an example, let / = 1000, v = 100 ft./sec., and V = 1100 ft./sec. 
Then 

/' — 1100 for the source approaching 
= 917 for the source receding 

It is apparent that the pitch depends upon whether the observer 
or source are in motion and not just on their relative motions. If 
a source of frequency / is approaching an observer with a velocity v, 
and the observer is also approaching the source with a velocity u, 
then the pitch heard by the observer, can be proved to be 

where V is the velocity of sound in air at the time. 

156. Organ Pipes. If a gas flame be placed under a vertical metal 
tube, the column of air in the tube will be set in violent vibration 
and emit a loud note, the pitch of which depends 
upon the length of the tube. The reason for this is 
that the flame causes the resulting hot gases to rush 
up the tube, thereby setting up a series of eddies 
and compressional waves in the pipe. The metal 
tube acts as a resonator, and as the air is free to 
move out at both ends we can have standing waves 
produced with a loop at each open end. The low¬ 
est note which such a pipe can produce is obtained 
when there is a single node in the middle, as illus¬ 
trated in Fig. 177. If L is the length of the tube, 
then the wave length of the fundamental note is ap¬ 
proximately 2 L. Its frequency will be f 0 — V/2 L ) 
where V is the velocity of sound in the tube. 

By arrangingfour or more glass (or metal) tubes of different lengths 
in a holder, each provided at its base with a small centrally placed 
flame, a number of different notes may be produced, one from each 
tube. Such an instrument is called the chemical harmonica (Fig. 178). 
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By placing a small asbestos disk over the top of any of the tubes, 
the hot air is prevented from escaping and the note in that covered 
tube ceases. 

R. W. Wood has designed a variation of this type of tube by 
soldering a piece of heavy gauze wire near one end of a metal pipe 
about 4 feet long and 4 inches in 
diameter, as shown in Fig. 179. 

This gauze is heated red hot by 
placing the tube over a Bunsen 
burner. When the burner is re¬ 
moved and the tube held verti¬ 
cally, the air coming in contact 
with A is heated and expands, 
consequently rising and causing 
waves as before. The set of 
waves set up are brought out by Fig. 178. — The Chemical Harmonica 
resonance and the pipe gives 

forth a deep note. If the tube is held horizontally, the note ceases, 



I since the convection currents necessary 
to move the air are now absent. But 
by moving the tube horizontally so 
that air moves in contact with the hot 
gauze, the note again is produced and 
continues as long as the tube is in 
motion and the gauze remains hot. 

These experiments form the basis for 
the explanation of the formation of 
tones by organ pipes. The construc¬ 
tion of a typical organ pipe is shown in 
Fig. 180. It consists of a box AB into 
Fig. 179 . — which air is blown through the tube D. 
Wood’s Pipe On the top, at one edge is a narrow slit 
C through which the air issues in a sheet from the 
box. This air impinges on a thin wedge-shaped piece 
of wood E which extends to form one side of the 
resonating box or pipe EF fastened to the top of 
the chest AB. The air impinging on E becomes un¬ 
stable and fluctuates with an oscillating motion. 
This motion is communicated to the air in EF, which 



Fig. 180. — An 
Organ Pipe 


vibrates longitudinally with standing wave form and emits the sound 
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we hear from the pipe. The frequency of the note, then, depends 
upon the length of the resonator EF and we need only investigate the 
relation of the length of the resonator to the pitch of the note. 
w There are two types of organ pipes; those which are open at the 
top and those which have the top F closed. The lowest note, which 
corresponds to the longest wave length that the pipe is capable of 
producing, is called the fundamental. The lower part of the pipe is 
always a loop in the standing waves. 

In the case of an open o rgan pipe, we have a loop also at the top 
since the air is free to move; hence the longest wave length, shown 
in Fig. 181 (a), will be 2 L (neglecting the end corrections), where L 
is the length of the pipe, EF. The fundamental frequency is thus 

N 

L 

l\ /' 


(®) (&) (C) 

Fig. 182 . — Fundamental Note and 
Overtones in a Closed Organ Pipe 

The air column may also break into standing waves 
wluch still have loops at the ends but have an extra loop and 
node in between, as shown in Fig. 181 (6). This is called the first 
overtone and its wave length will be L and frequency 7/Z^which V 
twice that of the fundamental. Similarly the same pipe may emit 
notes which are 3, 4, 5, etc. times the fundamental. These over¬ 
tones are called harmonics of the fundamental and we see that in 
open pipes all the harmonics are possible. 

When the organ pipe is closed at the top, as shown in Fig. 182, 
the air next the closed surface must be at rest and therefore we 
always have a node at the top. Hence the wave length of the funda¬ 
mental will be 4 times the length or 4 L. This gives a fundamental 
frequency of / = 7/4 L, as shown in (a). The pipe may also vi¬ 
brate, however, as shown in (6), by introducing a node and loop 
producing a note with wave length 4 L /3 and frequency 3 7/4 L 



Fig. 181 . — Fundamental Note and 
Overtcuies in an Open Organ Pipe 
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Similarly for the next higher overtone shown in (c). It will be 
seen that the overtones possible with a closed organ pipe are the odd 
harmonics of the fundamental, that is three, five, seven, and so on, 
times the fundamental frequency, the even harmonics being absent. 

It is evident that the frequency of the fundamental of the closed 
organ pipe is one half that of the open one of the same length. In 
organs, pipes of different length, some open and some closed, are 
used to give the requisite frequencies. By having a small opening 
near the top of an open pipe, practically closed with a piece of sheet 
lead, the effective length of the 

pipe may be slightly altered by M _ na b c _d_ f 

increasing, or decreasing, the =<*11— __ 

amount of this opening. Tuning PlG _ 183 . _ The Flute 

is accomplished in this way. 

Many musical instruments such as the flute, clarinet, and the 
bassoon are similar to organ pipes and operated by the production 
of standing waves of different lengths in a tube. Such instruments 
have a vibrating lip of some kind and a number of openings are 
arr ang ed along the length of the tube. These openings may be 
closed or opened with keys, or with the fingers, as the case may be. 
The simple theory of such instruments will be clear from the diagram 
given in Fig. 183. 

Air from the mouth enters through M and on passing out of N 
near an opening A causes the column of air to vibrate. When the 
holes or stops, B, C, and D, are closed, the fundamental note has a 
wave length 2 AF. If B is now uncovered, the length of the wave 
will be 2 AD, and the pitch will be higher. Similarly by uncovering 
the opening C, the wave length is reduced to 2 AC. The positions of 
these openings are arranged to produce the notes of a definite scale. 

In the trombone, different notes are produced by altering the 
length of the resonating column by having a tube which slides in and 
out, thus decreasing or increasing the fundamental wave length with 
consequent raising or lowering of the pitch of the note. 

In the case of many instruments, such as the bugle, the notes 
depend upon the correct tension of the lips and their application 
to the mouthpiece as well as upon the pressure of the air, because 
the lips act as a reed to start the vibrations. Instead of using the 
lungs, bellows are often used for supplying the air. In the bag¬ 
pipes, a reservoir, or bag, is used into which the air is blown and the 
horns are attached to this bag. 
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167. Vibrating Wires. We have already seen, in Melde’s experi¬ 
ment, that waves can be produced on wires, and we shall now in' 

vestigate the velocity of such 
waves. The waves in this case 
are transverse, and we can cal¬ 
culate their velocity as follows. 

Fig. is4 Suppose a simple pulse is mov¬ 

ing to the left (Fig. 184) along 
a stretched wire, and at the same time the wire is moved to the right 
with an equal opposite velocity V. The pulse will appear to stand 
still, and we can imagine the curved 



portion of the wire to be enclosed in 
a stationary tube bent to the proper 
curvature. Under these circum¬ 
stances there would be no forces or 
pressures acting between the wire and 
the tube. If we assume the pulse or 
single wave is circular in form, the 



following considerations will apply. 


Fig. 185 


Let the radius of curvature of the tube BCD (Fig; 184) be R and 
the tension of the wire T. Then this tension causes a centripetal 
force which may be calculated. Consider a small portion of the 
wire BCD of length s, shown at EG (Fig. 185). The tensions T, 
at E and G will have components along FO towards the center of 
curvature 0, which cause a centripetal force F given by 


2 T cos or 2 T sin 6 


but since the angle FOG is small, sin 0 is approximately equal to 6 
Hence 


_ Ts 
R It 

Since the wire does not touch the glass the centripetal mass acceler¬ 
ation by Law. II (Sect. 23) must equal the centripetal force, 
therefore if m is the mass of unit length 

w# Ts 
R It 

or T 


m 
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This gives the velocity of a transverse wave on a wire equal to 

't ension in absolute uni ts 
mass per unit length 

The frequencies which wires can produce are usually studied with 
a sonometer (Fig. 186). One or more wires are stretched between 
two bridges, A and B, with tensions that may be varied, and a 
resonance box beneath increases the loudness of the sound. The 
ends A and B will be nodes for waves produced by bowing the wire 
near one end. If the distance AB is L, then the fundamental fre¬ 
quency/ = 7/X where X is the longest wave length possible, which 
is 2 AB or 2 L. (See Sect. 135.) Hence the fundamental frequency 
will be . - \ 


2L\n 


The transverse vibrations of the wire behave in much the same way 
as the longitudinal vibrations of an open organ pipe in that the wire 
may vibrate with different overtones, provided always A and B 
are nodes. Thus if a wire 100 
cm. long is under tension and red 

paper riders are placed at the X ^EEEE ==y y 

points 20, 40, 60, and 80 cm. re- .■—* 

spectively, and white paper riders B \ 

at the 10, 30, 50, 70, and 90 cm. 

, \ Big. 186 . — The Sonometer 

marks respectively, then on bow¬ 
ing the wire with a violin bow near one end, while gently placing the 
finger on the wire at the 20-cm. mark so as to produce a node at 
that point, all the white riders will be tossed off, but the red ones 
will remain on the wire. This shows that nodes exist at the points 
where the red riders are, and loops at the point midway between 
each pair of nodes. The frequency of this note will be five times 
that of the fundamental. The overtones possible on such a wire 
arq any integral number of times the fundamental. By using wires 
of different mass per unit length, or by altering the length by an 
auxiliary, bridge, large variations in frequencies are possible. This 
fact is applied in many stringed instruments, such as the violin, 
banjo, and guitar. The strings are of different masses per unit 
length, and after their respective tensions have been adjusted to the 
proper values, the various frequencies are obtained by altering the 
lengths of the wire segments which vibrate. This is accomplished by 
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pressing the wire down to the finger board with the finger. Suchui- 
struments are also provided with resonance boxes so as to increase 
the intensity of the sounds. In other stringed instruments like the 
piano and harp, the wires are fixed in length, mass, and tension, so 
that each wire gives out some definite pitch, the number of available 
notes depending upon the number of wires in the instrument. 

158. Vibrating Rods and Reeds. When a strip of steel is held 
tightly in a vice (Fig. 187) and the projecting end made to vibrate, 
it will produce a note of definite frequency. The 
5 pitch of the note will vary with the length AB which 
is free to vibrate, so that the shorter AB is, the higher 
will be the pitch. The fundamental wave length will 
be 4 AB and its frequency = 7/4 AB, where V is the 
velocity of a transverse wave in the metal. Just as in 
the case of a vibrating column of air in a closed organ 
pipe, the transverse vibrations in this strip can be any 
odd multiple of the fundamental frequency. Such 
strips of different lengths and thicknesses are used to 
produce notes in reed instruments like the concertina 

Fig. 187 and mouth organ. 

A tuning fork is similar to a vibrating rod, with a 
node at the base of the fork, the upper ends of the prongs being 
loops. When adjusting forks to their proper pitch, .the length of the 
vibrating arms may be lengthened by filing 
away the middle, or the mass may be 
changed slightly. 

Strips of wood of different lengths and the 
same thickness may be fastened side by side 
to two heavy cords at points one quarter the 
length of each rod from either end, so as to 

give a set of notes that form a musical scale. Tig. ly s. — The Xylophone 
Thus we obtain the xylophone or wooden or Woodcri Dulcimer 
dulcimer. In these cases, the blocks of wood vibrate with points 
NN as nodes (Fig. 188) and the wave length of the note will be the 
length of the strip. There will be transverse vibrations and the 
frequencies will depend upon the velocity of the transverse wave in 
the kind of material used. African natives use such sticks, provided 
with resonators made from gourds or old cans to construct musical 
instruments, as shown in Fig. 189. Similar strips of metal, usually 
of the same length and different thicknesses are used in gongs. 
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Fig. 189. — A Native Xylophone 


Sets of iron reeds or other metals with iron bobs at the free ends, 
arranged to have certain known frequencies, are placed in front of 
a series of small electromagnets through which alternating current 
flows. That reed which has 

the same natural period of q 

vibration as the cycle of the ' ! 

current will then become 

prongs of a tuning fork can F.o. m - A Native Xrlorton. 

be investigated visually in 

slow motion by means of a stroboscope. A simple form of this instru¬ 
ment is shown diagrammatieally in Fig. 190. It consists of a circular 
metal disk A about 8 inches in diameter with a number of openings 
equally spaced around the circumference. 
L # «\ fj The wheel mounted on an axle, provided 

A »1 G may be rotated at any 

g r- I desired constant speed by means of an elec- 

y \JI trie motor with batteries and an adjust- 

^ ^0~>, a ^ e resistance. A vibrating tuning fork G 
is observed by the eye E through the holes 
rf A of the rotating disk A. A small tube D may 

for convenience be placed between the eye 
4 and the openings in the disk, and the tuning 

r%j fork observed through this tube. Since the 

-n a,, ox t fork can be seen only when an opening is 

Fig. 190. — The Stroboscope ,, j * 1u + u n Z * n 

opposite the end of the tube D , it follows 

that if the speed of the wheel is gradually increased, the fork will 
appear to move more and more slowly and at a certain speed will 
appear to be stationary. This will be the case when the period taken 
by the prong to move from a definite position back to the same posi¬ 
tion is equal to that which elapses between the passage of two con¬ 
secutive openings in front of the tube D. Let there be eight openings 
in the disk which is making n rotations per second. If the fork 
makes 256 vibrations per second, then the fork will appear station- 


Fig. 190. — The Stroboscope 
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ary when 8 n = 256 or when n = 32. On further increasing the 
speed of the disk, the fork will be seen to vibrate more rapidly at 
first and then slow up until it again appears stationary when the 
speed attains 64 revolutions per second. 

By replacing the eye with a strong arc lamp, the prongs will cast 
a shadow on a screen placed beyond the fork and the same motion 
will be observed on the screen. 

This apparatus is useful in the study of many types of vibrations 
and may also be used to keep the speed of any rotating instrument 
constant, since the period of a tuning fork is constant and the speed 
of the motor may be adjusted to synchronize with the fork. In 
many cases a card with alternating black and white sectors is fastened 
to a rotating axle and this illuminated by the light from a neon lamp 
which is operated with alternating current of definite frequency 
When the sectors of the card appear stationary there is the same 

type of relation between the 
speed of the rotating card and 
the frequency of the current 
through the lamp, as we have 
already shown to exist be¬ 
tween the speed of the disk 
and tuning fork. Many va¬ 
riations of the stroboscopic 
method are used in electrical 
works, spinning factories, and 
other industries where con¬ 
stancy of speed is required 
and must be controlled. 

★ 169. Vibrating Plates. 
The German physicist, 
Chladni (1756-1827), inves¬ 
tigated very fully the nature of the vibrations in plates by sprin¬ 
kling sand on the plates and then causing them to vibrate with 
a bow. The sand is moved away from the loops and gathers at 
the nodes formed on the vibrating plate. By touching the plate at 
various points, nodes are produced at these places and, if these points 
are properly chosen, the plate will vibrate in symmetrical patterns, 
some of which are shown in Pig. 191. The theory of such vibrations 
is difficult, but is of much interest to those engaged in improving tele¬ 
phone receivers and transmitters, phonographs, and loud speakers. 



Fig. 191. — Chladnfs Sand Figures 




MAKING THE EFFECTS OF SOUND WAVES VISIBLE 191 

The behavior of circular disks supported at the circumference and 
possibly loaded in the center is of great importance in all instru¬ 
ments for the sending, receiving, and recording of acoustical vibra¬ 
tions. 

The vibrations in bells are also complicated, the circular form of 
the rim of the bell changing to the form of an ellipse as it vibrates, 
certain points remaining undisturbed as nodes which travel round the 
rim. 

160. Law of Linear Dimensions. As a result of observation and 
mathematical analysis of the vibrations of bodies made of the same 
material and of the same shape, an important and useful general law 
has been deduced which gives the relation between the fundamental 
frequencies of such objects. If there are similar tumblers made of 
the same kind of glass, the one having twice the diameter, height, 
and thickness of the other, then the fundamental period of the larger 
will be twice that of the smaller. A kettledrum which has the same 
shape and tension as another drum of one third the perimeter and 
depth will have three times the period, and so the frequency of the 
smaller drum will be three times that of the larger. If the linear 
dimensions of one body are all n times those of a second similar body, 
the frequency of the second will be n times that of the first. This 
relation holds for bells, plates, tuning forks, and many vibrating 
instruments, but not for strings. 

161. Methods of Making the Effects of Sound Waves Visible. 

Sound waves may be made visible in several ways. One of the 
earliest methods was to use a mano- 
metric flame (Fig. 192). Two com¬ 
partments A and B are separated by 
an elastic membrane. Illuminating 
gas enters B through the tube C and 
passes out through the fine jet D, at 
the end of which it burns with a tall 
thin flame, white at its tip. The sound 
vibrations are picked up by a horn and led down a tube through the 
opening E into the compartment A. Since the wave form from 
any source of sound in air consists of a variation in pressure with 
time, the diaphragm between A and B will be moved according to 
the pressure in A. This will alter the height of the little flame on D. 
When the light from D is observed in a rotating four- or six-sided 
mirror, the variations in height of the flame are drawn out into a 



Fig. 192. — The Manometric Flame 
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band, the toothed or ragged edge of which, in a dark room, gives the 
form of the wave. Thus vowel sounds and the notes from various 
musical instruments were first investigated. 


A more modern form of recording such sounds is the phonodeik 
designed originally by D. C. Miller. A diagram of the arrangement 
of this apparatus is shown in Fig. 193. A source of sound S, which 


Arc light 



Fig. 193. — The Phonodeik 


may be the human 
voice, or any instru- 
ment producing a sound 
to be investigated, is 
gathered by the trumpet 
A and led into the 
chamber B. At the 
end of this chamber is 
a diaphragm C to the 


center of which is fas¬ 
tened a silk thread. The thread, after a couple of turns round an 
axle, is fixed to a delicate spring G, the tension of which is adjust¬ 
able by means of the screw H. The axle E carries a light mirror 
2 mm. X 2 mm. in area, on which a strong beam of light falls and 
is reflected to the rectangular mirror I. When the mirror I is 
rotated by a motor and no sound is falling on C, a bright line of 
light is thrown across a screen or the wall of a darkened room. When 
sound from the source S comes into B, the diaphragm C takes up 
the forced vibrations of the air and causes the axle E to turn back 
and forth according to the intensity and frequency of the displace¬ 
ment of C. With this motion of the axle, the mirror F attached to 
it oscillates, causing the spot to move up and down vertically on the 
mirror I. Thus the wave form, greatly magnified, is cast on the 
screen and in this way the quality of sounds can be analyzed. 

162. The Ear. The ear (Fig. 194) consists of three separate parts 
called the outer, middle, and inner ear. The outer ear with its 
lobe A collects the sound, which passes along the tube B to a dia¬ 
phragm C, called the eardrum, or tympanum. The waves force 
this diaphragm to oscillate and these oscillations are carried across 
the middle ear M to the inner ear by a sot, of three bones. The 
hammer (malleus) D is attached to the eardrum at one end and the 
other joins the anvil (incus) E and stirrup F (stapes). The stirrup 
fits on the oval window of the inner ear. The inner ear consists 
of two parts. The one is a structure called the cochlea because its 
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shape is somewhat like that of the shell of a snail. The other is 
three sets of canals placed nearly mutually perpendicular, called 
the semicircular canals. The function of the semicircular canals 
is to keep the individual's balance, but the hearing mechanism is in 
the cochlea. The cochlea is filled with liquid and contains about 
two and a half turns of membrane called the basilar membrane to 
which are connected the nerves leading to the brain. 

The pressure on the tympanum is conveyed across the middle 
ear by the three bones already mentioned to the oval window on 
which the pressure is 
about thirty times as 
great owing to the me¬ 
chanical advantage of the 
system of levers. The 
pressure on the window 
is communicated to the 
liquid and the vibrations 
picked up by the basilar 
membrane. 

How the basilar mem¬ 
brane detects and ana¬ 
lyzes the pressure varia¬ 
tions resulting from the 
sounds falling on the ear 
and transmits them to the brain is still open for further investigation. 

The range of pitches which the normal ear can hear depends to 
some extent upon the intensity of the sound, and until recently, when 
better measurements were made possible, very conflicting results 
were quoted. At the most sensitive frequency, the ear can detect 
periodic pressure variations of 10~ 3 dyne/cm. 2 and with amplitudes 
giving pressures of 0.10 dyne/cm. 2 , the range of audible pitch is 
about 64-16,000. With greater amplitudes this range can be ex¬ 
tended both ways, but the upper limit is below 20,000 vibrations per 
second. The ear is a most sensitive instrument, being able to de¬ 
tect a change of frequency of 0.3 per cent in the neighborhood of 500. 

163. The Voice. The production of sound by the human voice is 
caused by the vibration of two muscular structures in the larynx 
called the vocal cords. The air from the lungs passing out through 
the windpipe causes the vocal cords to vibrate in a number of com¬ 
plicated ways similar to those of a reed of variable length and stiffness. 


Head of the malleus in the recessus epitympanicus 


Semicircular duct 
Utricle : V 





Auditory 

Mcmbrana lympani 

K\iorp.i!l a (i» meatus 
Tympanic cavity, with chain of ossicles 

By permission of the Oxford University Press 
Fig. 194. — The Ear. (After Cunningham.) 
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These vibrations cause sounds which are then modified by the cavi¬ 
ties of the mouth, and by closing or opening the lips and teeth. The 
tongue divides the mouth and pharynx into two parts, the relative 
sizes of which are altered by the motion of the tongue. The shapes 
of the various cavities of the mouth, throat, and nose produce by 
resonance the tone qualities which cause the individuality in the 
voice of different persons. 

Single organ pipes and groups of reed instruments have been as¬ 
sembled using various shapes and sizes of resonators, which will 
“speak” certain words, such as “papa,” “mama,” or produce the 
familiar sound of the “cuckoo” clock. It is now possible for 
patients who, through disease or injury, have had their larynx and 
vocal cords removed, to speak by using a reed of constant pitch at 
the opening of the mouth, the various vowels and consonants being 
formed by adjusting the cavities in the mouth just as when the vocal 
cords were the source of the sound. 

164. Musical Scales. We are now in a position to understand the 
development of musical scales, and the physical basis of music. We 
have already defined a musical note as one which is pleasing to the 
ear. The ancients found that certain pitches when played in suc¬ 
cession, or together, were pleasing, while other combinations were 
not. The Greek philosopher Pythagoras (570-504 b.c.), experiment¬ 
ing with stretched strings, found that simultaneous notes from strings 
whose lengths were as 1 to 2, or as 2 to 3, and such simple propor¬ 
tions, were harmonious, whereas others in the ratio of 81 : 64, for 
example, were dissonant. It was shown by Helmholtz (1821-1894) 
that discords were due to the presence of unpleasant beats. Today 
the musical succession of notes, called scales, are standardized. The 
scales which are used consist of notes which have pitches that are 
related by simple ratios. If one note has a frequency /i, and a 
second note a frequency / 2 , the ratio of / 2 : /i is called by physicists 
the musical interval of the two notes. 

In music it is the sensation of pitch, which is of interest. The ear 
is not uniformly sensitive to equal changes in frequencies over the 
whole audible range. For this reason musicians consider a musical 
interval as a difference in pitch. These differences (which may be 
actually measured and designated as the ratio of two frequencies) are 
expressed as tones, semitones, and commas, which are explained below 
in terms of the notation used by physicists. The notes of the diatonic 
scale are represented by the letters C, D, E } F } G , A, B , c, and these 
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notes correspond to frequencies which have a definite relation to one 
another, as tabulated below: 


Note 

C 

D 

E 

F 

G 

A 

B 

c 

Name 

Do 

Re 

Mi 

Fa 

Sol 

La 

i 

Ti 

Do 

Musical Interval. 


i 

Musician’s Interval. . . 

Tone Tone Semi- Tone Tone Tone Semi- 
tone tone 

Interval with Respect 
to C . 

1 

» 

i 

i 

I 

i 

¥ 

2 

Frequencies such as ... 

240 

270 

300 

320 

360 

400 

450 

480 


The last row of this table shows the frequencies of the notes, when 
we start with C as 240. We might start a scale with any pitch, and 
the pitches of the succeeding notes will be determined on the diatonic 
scale by the same musical intervals, as given in the second row from 
the bottom in the above table. 

It will be noted that there are three kinds of intervals; |, and 
called tones, and called a semitone. The two tones are not equal, 
their interval ffr being called a comma. The ratio 2 :1 is called the 
octave. The major diatonic triads C : E : G, or F : A : C, or 
G : B :d have the intervals 4:5:6. The major diatonic chord 
has intervals 4 : 5 : 6 : 8. 

There is also the tempered scale which is used on the piano, in 
which there are twelve notes to the octave and each note is sepa¬ 
rated from its neighbor by the same interval. If this interval be x, 
then x 12 = 2, or x = R/2 = 1.05946. Commencing with A - 435, 
which is the scale used by musicians, we see from the table on page 
196 that the difference between the eight notes of the diatonic scale 
and the white notes of the equitempered scale are sufficiently close 
to be used, but five additional black notes are required for the equi¬ 
tempered scale, which are called the sharp (#) of the note previous 
or the flat (b) of the succeeding note. 

Beginning with any note of the piano, it is possible to approximate 
closely to the true musical or diatonic scale. The physical pitch 
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takes middle C = 256. Singers and violin players can produce the 
diatonic sc’ale with precision. 


Note 

c 

c# 

Dh 

D 

B% 

E\> 

E 

F 

Gb 

G 

1 ££ 

A 

43 

B\? 

B 

Equitempered; 
Scale.* 

■ 

25S.7; 

274.0 

290.3 

307.6 

325.9 

345.3 

365.8 

387.5 

410.6 

435 

460.9 

488.3 

Diatonic 

Scale . 

261 


294.1 


326.3 

348 


391.5 


435 


489.4 












Physical 
Pitch ...._ 

256 


288 


320 

341.3 


384 


426.7 


480 













In addition to the major chord, we may combine three notes, 
the intervals of which are 10 : 12 : 15 called a minor chord, this 
combination being not quite so consonant as the major chord, 
4:5:6. Scales made with the larger interval numbers are called 
minor scales, and musical pieces may be written and played in either 
the major or the minor key. The intervals of the minor scale are 
given below: 


Note 

C 

D 

E\> 

F 

G 

A\> 

B\> 

c 

Interval . 

* 11 -V- i 11 { v 


Interval with Respect 
TO C . 

1 

i 

§ 

i 

8 

$ 

6 

i 

2 


Frequencies such as ... 

240 

270 

288 

320 

360 

384 

432 

480 


Notes which have the same frequencies are said to be in unison , 
and when the interval is 2 : 1 we have the octave, since there are 
eight notes in both the major and minor scales. The terms applied 
by musicians to certain intervals such as a fifth, a fourth , and a 
third are so called because they are the intervals of the fifth, fourth, 
and third notes, respectively, of the scales. Thus a major third 
has the interval 5 : 4, a major fourth 4 : 3, and a major fifth 3 :2, 
while a minor third has the interval 6 : 5. It is therefore evident 
that on the major scale, the interval between C and E is a major 
third, while on the minor scale the interval between E \? and G is 
a minor third. It will be noted also that a fourth interval is the 
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same on both scales (4:3). Both major and minor scales may 
commence with any note, the intervals being those given in the 
preceding tables. 

The standard pitch has been changed many times. The physicist 
assigns a pitch of 256 to middle C on the piano, while musicians use 
the A above middle C as their standard, with a pitch of 435. The 
diatonic scales, using these two standards, are also shown in the 
accompanying tables. 

165. The Acoustics of Buildings. The application of the laws of 
physics to the acoustics of halls is a field of applied physics commenced 
by the late Professor W. C. Sabine, of Harvard, and developed with 
great success in private and national laboratories. When a hall is 
defective acoustically, it is usually due to the fact that when a sound 
is made it either lasts too long or not long enough. This reverbera¬ 
tion of sound waves back and forth in a hall interferes with the suc¬ 
ceeding sounds and causes confusion. When the time of reverbera¬ 
tion is too short speakers and musicians find the hall “dead,” and 
strain to produce a louder effect. Apart from properly designing 
the structure so that the reflected sounds will not be focused in 
particular areas and will not be weakened in others, the important 
factor is the control of the period of reverberation. This can be 
determined readily for any room by making a repeatable or stand¬ 
ard sound of that intensity for which the room is to be used, and 
timing with a stop-watch the length of time that the sound, as de¬ 
termined by the ear, persists after the source has ceased to operate. 
This time can be shortened by placing in the room absorbing matter 
such as cushions, curtains, and numerous types of plaster and fiber 
panels, if the time is too great. The correct period of reverberation 
depends upon what use is to be made of the hall, whether for speak¬ 
ing, or for orchestral or chamber music. For instrumental music 
and singers the time should be about 2.4 seconds, while for speaking 
and pianoforte it should be about one second. It is generally pos¬ 
sible to compromise so that audition in any auditorium used for 
both speech and music will be satisfactory. 

Sabine deduced a useful formula which gives a relation between 
the proper time of reverberation t sec., the volume of the room V 
in cubic feet, and the total absorbing power A of the room, which 
may be written 

V . 
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The volume of the room V is readily calculated and the time t fixed 
say, to 1.5 seconds. The value of A is then found from the above 
relation. Now the total absorbing power A is determined by taking 
values of the absorption per square foot of surface of each different 
kind of material in the room and multiplying by the area of that 
material which is present. The absorbing power of typical sub¬ 
stances and objects are given in Table VII for a frequency of 512. 
The unit of absorbing power is taken to fit the equation on page 197 
where the volume of the room V is in cubic feet. 

TABLE VII 


Audience (per person). 4.7 

Cushion (per square foot). 0.54-0.76 

Hair felt (per square foot). 0.41 

Wood floor (per square foot). 0.10 

Celotex panelling (per square foot).. 0.19 

Tiles (per square foot). 0.029 

Glass (per square foot). 0.027 

Plaster (gypsum) (per square foot). 0.30 


The absorbing power of many other types of furnishings has been 
measured, and may be found in textbooks on the subject. Sabine’s 
formula makes it possible to correct a room which has bad acoustic 
properties by adding or subtracting the amount of absorption until 
the time of reverberation is correct. There are other formulas, but 
Sabine’s is among the first and simplest. 

We shall conclude with one example of the use of the formula. 
A room is 50 feet wide, 120 feet long, and 30 feet high. What amount 
of absorption is necessary for the room to have a time of reverbera¬ 
tion 1.5 seconds, and how may this be obtained? The room holds 
an audience of 500 people. 

The volume of the room is 180,000 cubic feet. Therefore from Sabine’s 
formula we require an absorption of 6000. This may be made up as follows: 


500 persons = 500 X 4.7 = 2350 

Floor (hard wood) = 6000 X 0.1 = 600 

Ceiling (smooth plaster) = 6000 X 0.025 = 150 
Walls (acoustic plaster) — 10,200 X 0.3 = 3060 

Total = 6160 


Hence the room may be treated so as to be correct acoustically for 
an audience of 500. If half empty, the seats should be “cushioned” 
to take the place of the absorption due to people, otherwise the 
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period of reverberation will be a little too long. The illustration 
will indicate that a hall may be adjusted for one condition, and yet 
be poor for another, and the physicist must use his judgment as to 
the proper amount of absorption to provide. 

166. Sensation Unit: Decibel. The loudness of a sound de¬ 
pends upon the power which is delivered to the eardrums of the 
hearer. If Z and Zo represent two different outputs of power on 
two given sounds, then it has been found by engineers, psychologists, 
and others that the relative loudness of these two sounds is propor¬ 
tional to logio (Z/Z 0 ). When I is ten times Zo, then log 10 (Z/Z 0 ) = 1, 
and this change in loudness is called one bel. Tests on the average ear 
indicate that a change of one tenth of a bel, called a decibel, is about 
the smallest change in intensity which the ear can detect, and this is 
adopted as the sensation unit. Thus the ratio of the loudness of 
two sounds which differ by one decibel (1 db) is obtained from the 
relation logio (Z/Zo) = 0.1, and therefore Z/Z 0 = antilogy 0.1 = 1.259. 
Similarly a sound which is 3 db above another of intensity Z 0 will 
have an intensity 1.995 Z 0 and one which is 5 db greater, an intensity 
of 3.162 Zo, these numbers being the antilogs of 0.3 and 0.5, respec¬ 
tively. The decibel unit has become the standard for measuring 
relative loudness of two sounds. If ordinary speech be taken as the 
standard level (Z 0 ), a loud voice will have a level +20 db and a mere 
whisper —20 db. When, however, the lowest audible whisper is 
taken as the basis, then the loudest speech would be about +60 db. 
It has been suggested that a standard zero of the decibel scale Z 0 
be taken as that intensity which expends 1 X 10~ 16 watts per cm. 2 
(at a frequency of about 1000 which is the region of maximum 
sensitivity of the normal ear) equivalent to a sound pressure of 0.207 
millibar. It will be noted that hearing, like many other physiological 
sensations, follows a logarithmic law of intensity. 

167. The Phonograph. The phonograph was invented in 1877, by 
Thomas A. Edison (1847-1931), and it is difficult to realize today the 
great impression made at the time of the announcement of the in¬ 
vention. Special trains were run to Edison’s laboratory at Menlo 
Park to carry the crowds who went to see and hear the talking ma¬ 
chine. Great improvements have been made in the recording and 
reproduction of the voice and music since the original machine was 
produced, but the basic principle remains the same. 

In Edison’s original phonograph (Fig. 195) a metal cylinder was 
mounted horizontally on an axle and a spiral thread cut along the 
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spindle and over the surface of the cylinder. The cylinder was 
supported between two bearings and one end of the axle was pro¬ 
vided with a handle for turning the cylinder and at the other end a 
heavy flywheel was fastened to keep the speed of rotation constant. 
A sheet of tinfoil was wrapped tightly and smoothly over the sur¬ 
face of the cylinder, which moves horizontally due to the thread on 
the axle, as it is rotated. By means of a circular metal disk, pro¬ 
vided with a style at its center, which was held so that the style 
pressed against the foil, the sound waves from the source to be 
recorded were transformed into vibrations of the style. The cylinder 
is rotated as sound waves from the voice or musical instruments 





Fig. 195. — Edison’s Original Phonograph 


are received by the diaphragm, which vibrates with the forced vi¬ 
brations of the sound waves, and the style makes a series of corre¬ 
sponding indentations into the tinfoil. Thus the spiral path on the 
cylinder is a record of the vibrations of the recording diaphragm. 

To reproduce the sounds from the indentations on the tinfoil, 
the cylinder is rotated back to its original position, the style being 
held off the foil, and another similar diaphragm (or the same one 
as was used to record) with style attached, and provided with a 
horn, is used. The style on this diaphragm, following the “hills 
and valleys” on the tinfoil, communicates vibrations to the dia¬ 
phragm which produces the sound. 

The cylinders are now made of a hard composition and are ro¬ 
tated by clockwork, or electrically, and the uniformity of rotation 
is provided by governors. Instead of a spiral groove on a cylinder, 
a spiral groove may be cut on a circular disk, and the motion of 
the needle which forces the diaphragm to oscillate is sideways in¬ 
stead of up and down, as in the Edison machine. 
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The process of recording on the modern phonograph record is 
electrical. The sound waves falling on a sensitive microphone 
produce variations in electric currents, which are amplified by valves 
(Sect. 374). The amplified current then operates a cutting tool, 

. the grooves thus cut in the wax represent the wave form of the 
received by the microphone more accurately than did the 
3 of the disk in the old type of recorder. The wax 
form is de electrically conducting with graphite and a layer 

of copper ctrolysis. The copper form is now re¬ 

moved from the wax, and is a negative with a reversal of record. 
This copper shell is used to make another more substantial positive^ 
which is kept as the master form from which the hard negative dies 
are made for use in a hydraulic press. The blank circular disks are 
place the die plates in the press, which stamps into the 

recor r es with the indentations or “saw-like” edge of the 

sound vibrations. 

provements in design in the diaphragms of both 

roducing and r sprodu j s ugec j 

made the modern phc )r 

a wide range of sounds. 


PROBLEMS 

1 . ift: 

how long 

having a pitch of 256? 

fundamem organ pipe has a frequency of 512 vi- 

-” 1 and its ,0 cm., what is the velocity 

sound in air at th (332.8 m. sec.- 1 ) 

3. A closed organ ch c 

is the velocity of sound in air? (10£ 

gan pipe is 2|ft. long and the velocity of sound in air at 
e is 1100 ft. sec. -1 Find the frequency of the second over¬ 
tone of this pipe. (733f) 

10 ft. and 11 ft. long respectively. What is 
e, if the vdnflitv of sound in air is 1100 ft. 
sec." 1 ? ( 5 ) 

6 . If the velocity of sound in water is 1440 m./sec. and a 
has a frequency of 480 vibrations/sec., what must be the p 

organ pipe which has a wave length in air of one quarter that of the sub¬ 
marine bell, the velocity of sound in air being 334 m./sec.? (445.3) 

7. If Young’s modulus of steel is 2.16 X 10 12 dynes/cm. 2 and the density 
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of steel is 7.2 gm./cm. 3 , what is the velocity of a compressional wave in the 
steel? (5477.2 m./sec.) 

8. If the density of air at 0° C. and 76 cm. of mercury (density = 13.6 

gm./cm. 3 ) is 0.001293 gm./cm. 3 , and 7 for air is 1.40, find the velocity of a 
sound in air at 57.33° C. (36,432 cm./sec.) 

9. If the velocity of sound in a metal rod (density 2.65 gm./cm. 3 ) i s 
5.14 X 10 5 cm./sec., what is the elastic modulus of the metal? 

(7.0 X 10 u dynes/cm. 2 ) 

10. In a Kundt's tube experiment for determining the velocity of sound 
in a metal, the average distance between adjacent heaps of powder is 8.65 cm. 
The metal rod is 80 cm. long. Find the velocity of sound in the metal, if 
the velocity of sound in air at the time of the experiment was 330 im seer 1 

(3.05 X 10 5 cm. sec. -1 ) 

11 . A wire 100 cm. long has a mass of 1 gm. and is stretched with a force 
of 245 gm. wt. What is the frequency of its fundamental note? (24.5) 

12 . A wire 100 ft. long weighs i lb. and is under a tension W pounds 
weight. If the frequency of its first overtone is 32, find the tension W. 

(800 lb.) 

13 . Two wires, one of copper and one of zinc, are stretched with tensions 
5000 gm. and 10,000 gm. respectively. If the diameter of the zinc wire is 
twice that of the copper wire and the density of copper 1.3 times that of 
zinc, find the relative velocities of the transverse waves in the two wires. 

(1.24 :1) 

14 . A wire of length 81.6 cm. weighs 0.24 gm. and is under a tension of 
1700 gm. weight. Find (1) the velocity of a transverse wave on the wire, 
and (2) the frequency of its fundamental note. 

((1) 238 m./sec.; (2) 145.8 sec. -1 ) 

15 . A stationary open organ pipe is 1.5 ft. long and is producing its 

fundamental note. An observer is approaching the organ pipe with a 
velocity of 60 ft./sec. Find the frequency of the note the observer hears, 
if the velocity of sound in air at the time is 1080 ft./sec. (380) 

16 . A train traveling towards a stationary observer with a speed of 
50 ft./sec. blows a whistle giving 1000 vibrations/sec. If the velocity of 
sound at the time is 1080 ft./sec., find the pitch the observer hears (1) as 
the train approaches, (2) after the train has passed him. 

((1) 1048.5; (2) 955.75) 

17 . An open organ pipe is 2 ft. long and is giving its second overtone. If 
the velocity of sound is 1100 ft./sec., what pitch of sound will a stationary 
observer hear if the pipe is approaching him with a velocity of 100 ft./sec.? 

(907.5) 

18 . A closed organ pipe is 60 cm. long, and the velocity of sound in air is 
334.2 m./sec. Find the frequency of the third overtone the pipe emits. 

(974.7) 



CHAPTER IX 

HEAT 

168. Introduction. Everyone is familiar in a general way with the 
idea of temperature and quantity of heat. As regards the former we 
use a rough scale of temperature in the terms cold, warm, hot, and 
concerning the latter we know that a large gas burner, though 
apparently no “hotter” than a small one, nevertheless supplies 
much more heat. Everyone is also familiar with the fact that by 
doing work against friction, as by rubbing one’s hands together or by 
running a car with the brakes set, we can produce “heat.” In this 
section we shall consider more precise ideas of temperature and heat, 
the relation of heat to work, and various effects of adding heat to a 
body. 

THE MEASUREMENT OF TEMPERATURE 

169. The Gas Thermometer; Temperature Scales. Our ordinary 
distinction between a hot and a cold body based on the different 
sensations produced by touching them, is not capable of measure¬ 
ment. Experiment shows, however, that if 
we enclose a gas such as hydrogen in a glass 
or other impervious bulb, the pressure of the 
gas increases if the bulb is heated. This can 
be demonstrated and the pressure increase 
measured by the arrangement shown in Fig. 

196 which is a simple form of gas thermome¬ 
ter. This consists of a bulb B connected by 
a very fine capillary tube to the glass U-tube 
forming the mercury manometer M. The 
level of the mercury in M can be altered by 
raising the vessel A, and sufficient dry hy¬ 
drogen should first be put in the bulb so that „ „ 

, , , , . , . Fig. 196. — Constant Vol- 

when the bulb is surrounded by chipped ice ume Gas Thermometer 

and water the mercury level in both arms of 

the manometer will be at the zero line of the scale. If now the bulb 

is heated, say by immersing it in steam, and A adjusted so as to keep 
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the top of the left-hand mercury column still at the zero line, it will be 
found that the right-hand column will be higher — that is, the pres¬ 
sure of the hydrogen has increased. During this process the volume of 
the hydrogen has been kept constant (except for certain small errors, 
such as the expansion of the bulb which can be allowed for) and the 
change of pressure can be accurately measured. This change of 
pressure is the basis of the legal scale of temperature, called the hy¬ 
drogen constant volume scale, but in order actually to measure a temper¬ 
ature, i.e., get a number which represents it, we must have a unit, 
called a degree, and a reference point from which to measure. The 
reference point universally adopted is the temperature of a mixture 
of pure ice and water when the pressure on the water surface is one 
atmosphere, which is called the ice point, and taken as 0 degrees. 
The degree is fixed by adopting a second standard temperature, that 
of water boiling under one standard atmosphere pressure, called the 
steam point, which is taken as 100 degrees (or 100°). One degree 
change in temperature is then such a change as will produce 
the change in pressure observed in passing from the ice to the 
steam point.. What we have defined is the centigrade scale and the 
centigrade zero. 

If 


then 


Pt = pressure of hydrogen at any temperature t 
Pi oo = pressure of hydrogen at steam point 
P 0 = pressure of hydrogen at ice point 


/ _ P* Po 
* " Pioo - P< 


100 is the measure of t 


on the centigrade hydrogen constant volume scale. The numerical 
measure jr[ any tempe rature is the pressure change observed in passing 
from the ice point to Ms Temperature, divided by the pressure^change 
corresiamdina to one^ degree, using a constant mass of hydrogen con¬ 
fined at constant volume. For temperatures below the ice point the 
pressure of the confined hydrogen will of course be lower than at 0°. 

It is found that the pressure change per degree centigrade, that is 
(Pioo - Po)/100, is very nearly P 0 /273.2. If the thermometer bulb 
is cooled below the ice point each decrease in pressure by Po/273.2 
means a fall in temperature of one degree. This at once suggests 
that there is an absolute zero of temperature at which the pressure 
of the confined hydrogen will be zero, and evidently this will be about 
273.2° C. below the ice point. It is frequently convenient to measure 
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temperatures from this absolute zero , on what is called the absolute 
centigrade scale. This absolute scale is usually called the Kelvin 
scale and is denoted by the symbol K. On this scale temperatures 
are denoted by T , and from what has been said it 
should be clear that 

t + 273.2 

where T and t are the numbers on the absolute 
and the ordinary centigrade scale corresponding to 
any given temperature — for example, the steam 
point is 373.2° on the absolute centigrade scale. 

Since changes in level of the right-hand mercury 
column in Fig. 196 are directly proportional to 
pressure changes, and these to temperature changes, 
we can lay off a linear temperature scale along 
the manometer tube, as is done in Fig. 197. 

In practice a hydrogen thermometer cannot be Fig. 197. — Linear 
used in the simple way we have described at tern- Temperature Scale 
peratures near absolute zero, but the existence of °^ as Thermom “ 
such a zero and its difference from the ice point, 

— 273.2° C., is fully confirmed by many other experiments. 

The following table will give an idea of the range of temperatures 
which one has to consider: 



—273.2° = absolute zero 

Below —273.1° = lowest temperature ever measured 

—190° = temperature of liquid air under one atmosphere pressure 
—90.1° = lowest recorded natural temperature (stratosphere, 
17 km.) 

0° - ice point 

100° = boiling point of water under one atmosphere pressure 
700° = “dull red” heat for solids 
1800° = “white heat” for solids 

2300° = temperature of tungsten filament lamp (gas filled) 

3000° = temperature of carbon arc 
7000° = temperature of sun (estimated) 

100,000° = temperature of hottest stars (estimated surface tem¬ 


perature) 


While the centigrade zero and degree are universally used in 
scientific work, a different numerical scale, called the Fahrenheit 
scale, is in everyday use in English-speaking countries. On this 
scale the ice point is given the number 32, and the steam point the 
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number 212. Therefore we have the relation 

(212 - 32)° F. - 100° C. 
or 1° F. = |° C. 

Hence if i F is the number on the Fahrenheit scale corresponding to a 
certain temperature, and fc the number for the same temperature on 
the centigrade scale, the relation between them is 


This conversion formula will be useful in changing from one scale 
to the other. 

170. Other Ways of Measuring Temperature. We have defined 
the accepted scale of temperature, and described briefly how meas¬ 
urements can be made directly with a hydrogen 
constant volume thermometer. But as such an in¬ 
strument is difficult to handle, many other devices, 
called in general thermometers, are in everyday use 
for measuring temperatures. By comparison with a 
hydrogen thermometer such instruments are gradu¬ 
ated, or can be calibrated, to indicate the standard 
scale. The most useful types are the following: 

Liquid-in-glass thermometers. This is the most 
familiar type, which makes use of the fact that liquids 
in general expand with rise of temperature. They 
consist, as shown in Fig. 198, of a bulb out of which 
leads a fine capillary tube closed at the far end, the 
bulb and part of the tube being filled with the liquid 
whose expansion up the capillary indicates a rise in 
temperature. Mercury is most commonly used, but 
since it solidifies at about —38° C. and boils at 
+357° C. an ordinary mercury thermometer cannot 
be used beyond these limits. By filling the upper 
part of the capillary with nitrogen at considerable 
pressure, boiling can be prevented until a higher 
temperature is reached, and such mercury-in-glass 
or mercury-in-quartz thermometers can be used up 
to 500° or 600° C. For temperatures somewhat 
below —38° C. colored alcohol is frequently used as 
the liquid, and for still lower temperatures, down almost to that 
of liquid air, pentane (C 5 H 12 ) is available. The glass bulbs as well 




Fig. 198. — Mer- 
cury-in-glass 
Thermometers 
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as the liquid of such thermometers expand, and it is the difference 
in expansion which is used to indicate a temperature change. Un¬ 
fortunately glass bulbs, especially if 
they are heated and cooled over a 0 

considerable range, are very apt to n, 

change in volume more or less per¬ 
manently, and if this happens the ^ 

scale graduated on the stem will no | s 

longer be correct. Such errors can |s 

be detected by immersing the ther- P ” J 

mometer in a mixture of ice and 
water to redetermine the ice point, , 

and in a steam bath to check the ij 

steam point. An arrangement for 
doing the latter, called a hypsometer, 

is shown in Fig. 199. In using a j f j 

hypsometer a barometer reading t^j | 

must be taken at the time, and the . - X o 

correct temperature of the steam _ mm 

at the observed atmospheric pres- mfjSgH 

sure obtained from tables such as 

are given in Sect. 209. ( jr == . .-jf 

171. Resistance Thermometers. // fl U 
Though metals are good conductors yV x Vi 
of electricity, they nevertheless offer Fia . m~-A Hypsometer 
resistance to the passage of an elec¬ 
tric current. If a difference of electric potential is maintained by 
a battery between the ends of a coil of wire, the current which will 
flow through the wire will depend directly upon the difference of po¬ 
tential, measured in volts by an instrument called a voltmeter, and 
inversely upon the resistance of the wire, expressed in units called 
ohms — that is: 


Fig. 199. — A Hypsometer 


Current (/) = 


potential difference (E) 
resistance (R) 


Therefore 


and the resistance may be determined by measuring the potential 
difference and the current. Now the resistance of wires increases as 
the temperature rises, so that by measuring the resistance of a coil 
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(by the above method or others to be discussed in Chap. XII) at 
several known temperatures one can plot a resistance-temperature 
curve and thus calibrate the coil as a resistance thermometer. Plati¬ 
num wire is commonly used in the coil because of its permanence, and 
resistance thermometers so constructed are capable of measuring 
temperatures to 0.0001° C.; as a consequence they are used instead 

of ordinary thermometers for 



Fig. 200. — Platinum Resistance Thermom- 


praetically all temperature 
measurements when the utmost 
accuracy is required. They can 
be used from extremely low 
temperatures up to 1200° C., 
above which temperature the 
coil resistance increases contin¬ 
ually due to evaporation of the 
platinum. Figure 200 shows 
the thermometer itself and a 
diagram of the electrical connec¬ 
tions just described; in actual 
practice more elaborate and 
more accurate methods of meas- 


eter and Connections Uring the Coil resistance would 


be used. 


172. Thermocouples and Thermopiles. If two wires of different 
metals, for example iron and copper, are fused or brazed together at ■ 
both ends, and if one of these “junctions ” is maintained at a different 
temperature from the other, a current of 
electricity will in general flow around the 
circuit, passing from the iron to the copper 
at one junction and from copper to iron at 
the other. This current is due to a “ther¬ 
moelectromotive force” developed by the 
difference in temperature, and this will be 
discussed more fully in Chap. XIII. Such 
a combination of wires of two different fig.Tol^- a Thermocouple 
metals is called a thermocouple, and it is an 
exceedingly useful device for indicating and measuring temperature 
differences. An arrangement for carrying out such measurements is 
shown in Fig. 201, which shows one junction immersed in an ice bath 
to hold it at a constant temperature, and the copper wire cut and the 
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two ends connected to a voltmeter. This instrument (see Sect. 303) 
measures by a pointer-reading the magnitude of the electromotive 
force which is generated when the other junction is heated, or cooled 
below the ice point. The magnitude of this electromotive force de¬ 
pends upon the difference in temperature of the two junctions, and 
such an arrangement can be calibrated to measure the temperature 
of the hot junction, the other being at 0° C. Besides its great sensi¬ 
tivity, a thermocouple has the further advantage that the junction 
is very small compared to the bulb of a thermometer, and it is es¬ 
pecially useful in measuring high temperatures from 600° C. to 
1600° C., beyond the range of mercury-in-quartz and even of platinum 
resistance thermometers. 

A thermopile is a special form of thermocouple designed for measur¬ 
ing the intensity of radiation. As shown in Fig. 202 two short fine 



Galvanometer Galvanometer 


Fig. 202. — A Simple Fig. 203. — A Sensitive Thermopile 

Thermopile made of Several “Couples” 

wires of different metals, frequently bismuth and silver, are soldered 
at one end to a very light silver strip or disk whose front surface is 
blackened so as to be a good absorber of radiation. The other ends 
of the bismuth and silver wires are soldered to two insulated copper 
plates which are connected by copper wires to the terminals of a 
galvanometer, which is a sensitive device for measuring electric 
current (see Sect. 303). Radiation absorbed by the silver disk 
raises the temperature of one junction and produces a current 
which can be measured by the movement of a beam of light reflected 
from the mirror of the galvanometer. With properly designed appa¬ 
ratus the deflection of the beam of light will be proportional to the 
radiant energy falling per second on the silver strip. In order to 
increase the sensitivity thermopiles are frequently made with several 
“ couples” connected (Fig. 203) in such a way that the correspond- 
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ing junctions are attached to the receiving strips and heated by 
radiation. 


EXPANSION 

173. Introduction. Having defined the standard scale of tem¬ 
perature and methods of measurement in terms of it we must now 
consider the simplest change in matter produced by a change in 
temperature, namely expansion. For solids we can evidently dis¬ 
tinguish between a change in one dimension, such as length, and a 
change in volume, while for liquids and gases only a change in volume 
need be considered. 

174. Expansion of Solids. The fact that most solids increase in 
linear dimensions as their temperature rises, is a matter of common 

knowledge which can be demon- 


Cold 

< 




Hot"' 


Iron wire 




strated by very simple experi¬ 
ments such as the one illustrated 
in Fig. 204. In this experiment, 
an iron wire stretched between 
two insulated supports sags very 
markedly when heated by an 
electric current. To measure ac¬ 
curately the expansion per degree 
requires some care, however. One method (Fig. 205) is to make two 
fine marks on a bar of the material being studied, and mount the bar 
in a water bath whose temperature can be held constant at any point 


Fig. 204. — Expansion of Iron Wire 
on Heating 



Fig. 205. — Measurement of Linear Expansion 


between 0° and 100° C. By means of two microscopes which are 
sighted on the marks and which can be moved by measuring screws 
as the bar expands, the change in distance between the marks pro¬ 
duced by a rise from 0° to other measured temperatures can be deter- 
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mined. If the microscopes are set on the marks at 0° C. and the 
bar replaced by a standard meter, the distance between the marks 
at 0° C. can be measured. The results of such measurements show 
that if L t is the distance between the marks at f C. and L 0 the dis¬ 
tance at 0° C. then 

Lt — La (1 + at) 

where a is the coefficient of linear expansion of the substance. This 
simple equation will apply if t is not too large. If we wish to express 
the expansion over a wider range of temperature other terms must be 
added to the equation. From the above equation 


and a is evidently the fractional change in length per unit length per 
degree change in temperature. The following table gives values of 
a for a number of substances. 

TABLE VIII 

Coefficients of Linear Expansion 

The coefficients a are expressed as the fractional change in length per degree centi¬ 


grade. 

Substance a 

Aluminum. 22.8 X 10“ 

Bakelite. 22. X 

Brass... 18.7 X 

Copper. 16.4 X 

Glass, pyrex. 3.2 X 

soft. 8.3 X 

Hard rubber. 80. X 

Ice ( — 10° C.-0 0 C.). 51. X 

Invar... .9 X 

Iron, soft. 12.1 X 

cast. 11.8 X 

Lead. 29. X 

Paraffin (0-16° C.) . 106.6 X 

Platinum. 8.99 X 

Porcelain (Berlin). 3,1 X 

Quartz, crystallin, parallel to axis. 7.97 X 

perpendicular to axis. 13.37 X 

fused. .54 X 

Steel, annealed. 11-0 X 

Tungsten. 4.46 X 

Zinc, ordinary polycrystalline. 35.4 X 

single crystals, parallel to axis. 57-64. X 

perpendicular to axis. 13.5 X 
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It is to be noticed that crystalline quartz has two different coeffi¬ 
cients of expansion, along and perpendicular to its axis of symmetry, 
and such differences in expansion are found with all crystals except 
those of cubic form. Fused quartz, which is composed of the same 

elements, silicon and oxygen, 


Bar broken 
7 contraction 




Fig. 206. - 


Bar cooling 
and contracting 


- Apparatus Demonstrating Forces 
Due to Contraction 



Electromagnetic switch 
which turns h eater on 


but not arranged in regular 
crystal form, has one of the 
smallest coefficients known. 
Thus the expansion of a sub¬ 
stance depends not only on 
the elements composing it, 
but upon the arrangement of 
the atoms. The low coef¬ 
ficient of fused quartz makes it very insensitive to sudden tempera¬ 
ture changes. It may be heated red hot in a blast lamp and plunged 
directly in liquid air without cracking. Invar, which is an alloy of 
iron and nickel with a small 
amount of carbon, also has an 
extremely small coefficient, which 
makes it a valuable material for 
standards of length, and for the 
suspending rod of clock pendu¬ 
lums. Since the length of an 
invar pendulum will be almost 
independent of its temperature, 
the period (Sect. 42) also will be 
constant. The expansion of steel 
must be considered carefully in 
the design of bridges, allowance 
being made for the change in 
length between winter and sum¬ 
mer. The seasonal expansion of 
brick and concrete in pavements 
is taken care of by frequent ex¬ 
pansion joints between the sec¬ 
tions. In order to prevent the 
contraction of a body, say an iron 


telay 


Crr 

IT 


Contact ope] 
by Relay I 


Brass 


Iron 




Cold 

Contact 


Hot 

Contact 


Fig. 207. — Compound Metal Thermostat 
and Circuit 


rod having a cross section 2 cm. square, very large forces would be 
necessary, the same force which would be required to stretch the cold 
rod to its expanded length. If the temperature change is large and 
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the bar rigidly held these forces may be enough to break the bar. Or 
if the wrought iron bar R (Fig. 206) is heated to a couple of hundred 
degrees and then quickly clamped in the heavy block B with one end 
hooked over the cast iron rod C, the latter can be broken by the 
forces developed as R cools. 

175. Applications of Expansion of Solids. The expansion of metals 
can be used to indicate temperature changes, or more commonly 
to close an electric circuit and actuate a 
mec hanism to control temperature as in 
metal thermostats. For such purposes the 
effect of expansion is magnified by riveting 
or wel ding together two strips of metals 
having different coefficients as shown in 
Fig. 207. When such a strip expands it 
bends, with the more expansive metal on 
the convex side. If one end is fixed the 
motion of the other end is sufficient to open 
and close electrical contacts. The rims of 
the balance wheels of watches are made of such compound strips 
carrying weights at their free ends (Fig. 208). Thus the moment of 
inertia of the wheel is decreased and hence its period shortened by a 
rise in temperature, and this change is used to compensate for other 
effects due to a temperature change. 

176. Cubical Expansion of Solids. The volume expansion of solids 
can be represented by the equation 

V, = 7. (1 + a't) 

in which V, is the volume at f C., V 0 that at 0° C., and a ' the coeffi¬ 
cient of cubical expansion. For isotropic* solids there is of course 
a simple relation between the cubical and the linear expansion, it 
being easy to show that 



Tig. 208. — Compensated Bal 
ance Wheel of Watch 


The coefficients of cubical expansion can therefore be determined 
from the preceding table. 

177. Expansion of Liquids. The volume expansion of liquids is 
usually determined by enclosing the liquid in a vessel whose volume 
expansion is known, measuring the difference in expansion, and from 

* An isotropic solid is one whose physical properties, for example elasticity or 
thermal expansion, are the same in all directions. 
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Fig. 209.—The 
Expansion of 
Liquids. 


this computing the expansion of the liquid. The dif¬ 
ferential expansion may be measured by noting the rise 
of the meniscus in a capillary tube attached to the 
vessel (Fig. 209) or by allowing the vessel to overflow 
at the higher temperature and measuring the loss in 
weight. The results are expressed by the same form 
of equation as for solids 

Vt = ■ a"t) 

xne coefficient of cubical expansion of liquids, a!\ is 
usually greater than that of solids, as may be seen 
from Table IX. 


TABLE IX 

Coefficients of Cubical Expansion of Liquids 
The coefficients are expressed as the change in volume per unit volume (measured 
at 0° C.) per degree change in temperature. 


Substance Coefficient 

Alcohol, ethyl. 1.10 X 10“ 3 

methyl. 1.20 X 

Benzene. 1.385 X 

Ether, ethyl. 2.150 X 

Mercury.182 X 

Pentane. 1.608 X 

Water (15° C.-100 0 C.).372 X 


Water, the most important of all liquids, is however a striking 
exception to the usual rule, for it contracts in volume from 0° to 4° C. 
and then expands. This is 


shown by the curve of Fig. 
210, in which the specific 
volume , i.e., volume per unit 
mass, is plotted against tem¬ 
perature. Thus water, under 
one atmosphere pressure, has 
a maximum density at 4° C. ; 
and this fact has an important 
bearing on the freezing of 
lakes, since the colder water 
sinks until the entire lake 
is at 4° C., after which the 
colder water, being less dense, 


h 1.0005 



0° 2° 4 ° 6° 8° 10° 12° 14° 


Temperature in °C. 

Fig, 210. —Expansion Curve for Water 


remains on the surface where freezing will therefore start. This be- 
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havior can be shown on a small scale by Hope’s apparatus shown in 
Fig. 211. In this a freezing mixture is applied at the middle of a 
vertical column of water; water cooled to 4° C. will fall to the bot¬ 
tom and remain there, while the water 
in the upper half will be gradually 
cooled to 0° C. 

178. Absolute Expansion Coefficient 
of a Liquid. The coefficient of ther¬ 
mal expansion of a liquid can be de¬ 
termined quite independently of the 
expansion of the containing vessel by 
a method first used by Dulong and 
Petit. The apparatus is shown dia- 
grammatically in Fig. 212 and consists 
essentially of two vertical tubes A and 
B connected by a small tube C, the 
axis of which is accurately horizontal. 

A , B } and C are filled with the liquid 
whose coefficient is to be determined, 
at a steady temperature of f C. while B is similarly kept at a lower 
temperature, say 0° C. Equilibrium demands that the hydrostatic 
pressure at the level of the axis of C should be the same in A and B. 
If p t and po are the densities of the liquid at these two temperatures 

the condition for equilibrium is (see 
Sect. 67) 

HtPt ~ Hopo 

But p t = 1 /Vi and p 0 = l/7 0 , 7; and 
7 0 being the specific volumes of the 
liquid at the two temperatures, and 


where a" is the coefficient of cubical 
expansion of the liquid. Hence 



[b-c.- 


Ice and Water 


, 4° C. 


Fig. 211. — Hope’s Apparatus 
and A is surrounded by a bath 


Fig. 212. — Apparatus for Measuring Hi 

the Absolute Expansion Coefficient 
of a Liquid. 

from which a n may be determined 
from the measured values of H t} Ho, and t. This method has been 
used chiefly to determine the coefficient of expansion of mercury; 
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once this is known simpler methods enable one to determine the co¬ 
efficients of solids or liquids by comparison with mercury. 

179. Expansion of Gases. Since the volume of a gas is very much 
influenced by the pressure under which it is held, it is customary to 
measure the expansion of a gas under conditions of constant pressure. 
This can be done in a rough way with the arrangement shown in 
Fig. 213, the bulb 5, filled with the gas under examination, being 
placed in a bath whose temperature can be varied and measured. 
The gas is confined by a small globule of mercury in the horizontal 
tube at the right, and the volume expansion between 0° and t° C. is 

evidently equal to dXa,d being 
the displacement of the mercury 
and a the cross-sectional area of 
the small tube. From measure¬ 
ments of this sort it is found 
that the expansion of all gases 
can be represented by 
Vt = Vq(i + *0 

where a is the coefficient of 
cubical expansion (pressure 
constant) or simply the expan¬ 
sion coefficient, since there is no 
linear coefficient to be confused with it. This is the law of Charles. 
The value of a for any one gas varies somewhat with the pressure 
under which the gas is confined, and also with the temperature, but 
the values of a for different gases are much more nearly the same 
(being all about than are the volume coefficients for different 
solids and liquids, as may be seen from Table X. 

TABLE X 

Coefficients of Expansion of Gases 
The coefficient of expansion at constant pressure, a, is for a pressure of one atmos¬ 
phere; b is the coefficient of expansion at constant volume chosen so that p 0 = one 
atmosphere. Values are for a temperature range 0° C.-100 0 C. a = AV/V per °C. 
b = A p/p per °C. 


Gas 


a 


7. 

Argon. 

.3672 

X 10- 2 

.3671 

X 

Carbon dioxide. 

.3722 

X 

.3711 

X 

Helium. 

.3658 

X 

.3661 

X 

Hydrogen. 

.3661 

X 

.3663 

X 

Nitrogen. 

.3671 

X 

.3672 

X 

Methane. 

..3680 

X 

.3677 

X 

Oxygen. 

.3672 

X 

.3671 

X 



Fig. 213. — Apparatus Illustrating Expan¬ 
sion of a Gas under Constant Pressure 
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180. Pressure Coefficient of a Gas. If instead of keeping the 
pressure constant we keep the volume constant and measure the 
change of pressure with temperature, as can be done by substituting 
any other gas for the hydrogen in the apparatus in Fig. 196, we ob¬ 
tain the pressure coefficient of the gas, b ; that is, the fractional change 
in pressure per degree change in temperature at constant volume. 
The change of pressure with temperature can be represented by the 
equation 

Ft = P 0 (l + bt) 

Table X shows that the value of b is nearly the same as that of a 
for any one gas. 

181. The Laws of Gases. In discussing gases in the preceding 
articles and in Sect. 105, we have used three measurable quantities, 
pressure p, volume v, and temperature t, with which to express the 
physical condition and characteristics of a gas. It should be evident, 
however, that these quantities are not independent; for if a gas is 
initially in a certain volume at a certain pressure and temperature, 
we cannot alter its temperature while maintaining both its volume 
and pressure constant, though we can keep either pressure or volume 
constant during a temperature change. In other words, there is a 
connection between the three variables p, v, and t, such that if we 
assign values to two of them we thereby fix the possible value of the 
third. Such a connection can be thought of as an equation, con¬ 
necting the three variables p, v, and t, so that if we substitute in the 
equation any assigned values of two of the variables, we can solve 
the equation and find the corresponding possible value of the third. 

We have already expressed the fact that the p, v, and t of a gas 
cannot be independently varied, by the three experimental laws: 


Pi = po(l + bt) 

I 

(v constant) 

Charles’s Law vt = ® 0 (1 + at) 

II 

(p constant) 

Boyle’s Law (Sect. 105) 



pv = constant 

III 

(for any constant t) 


We can now show by very simple reasoning that these three are 
equivalent to a single law or relation connecting p, v, and t in a single 
equation. Let us begin with a unit mass of gas at pressure p 0> 
volume vo, temperature 0° C., Fig. 214 (a), and change it to the con¬ 
dition pmt by adding heat to it at constant volume, Fig. 214 (6). 
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Since the first of the above laws applies to this change we have 

pi = p 0 (l + bt ) 

and hence 1HVa = p„v 0 (l + bt) 


(multiplying both sides by %). 

Again let us change the gas, by the addition of heat, from p 0 v 0 0° 



Fig. 214. — Pressure-Volume-Temper¬ 
ature Conditions of a Gas 

the two final states of the gas we 


to p 0 v t t, Fig. 214 (c), to which 
the law of Charles applies: 

Vt “ 2>o(l ~j- Cti) 

hence p 0 v t = p 0 v 0 (l + at) 

(multiplying both sides by p a ). 
But after each of these changes 
the temperature of the gas is t 
so that, applying Boyle’s law to 
m say 


P lV <> — PoVt — Pav„(l + at) = p 0 v 0 (1 + bt) = pv (at t°) 


from which we conclude that for such a gas a = b. But we have 
seen (Sect. 180) that for all ordinary gases, not near their liquefying 
point, b is nearly the same, and approximately equal to 1/T 0 , where 
To is the absolute temperature of the ice point. Substituting this 
value in the last of the above equations 


pv 


or 

or pv = RT IV 

where R = pov 0 /T 0 is a constant independent of T, and equation IV 
is the approximate equivalent of I, II, and III. If we consider in 
this way unit masses of different gases, then R will have a different 
value for each gas, but it has been found experimentally that if for 
each gas we consider not one gram but M grams, M being the molecu- 
ar weight of the gas, the volume at any given pressure and tem¬ 
perature will be the same for all gases, i.e., 

pv M = R'T 

where v M is the volume of one gram molecule, as it is called, and R' 
has the same value for various gases, namely 8.3 X 10 7 ergs/deg. K 
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(v in cm. 3 , p in dynes per cm. 2 , T in °K). Both R' and R are called 
gas constants. 

It should be emphasized that these gas laws more accurately 
represent the behavior of real gases at high temperatures or low 
densities than at low temperatures or high densities. A more exact 
expression is that of van der Waals 


wherein a, b, and R have different constant values for each gas, a 
and b being small. 

182. Kinetic Theory of Gases. The molecular- theory of matter, 
combined with the fact that gases expand with great rapidity to 
fill any volume into which they may be admitted, and the further 
fact that a gas, for example chlorine which has a pronounced odor, 
diffuses rapidly through another, leads to a concept of a gas as made 
up of molecules free to wander indefinitely within the walls confining 
them and having under ordinary conditions rather high velocities. 
This concept, made more precise and followed through in detail, is 
the kinetic theory of gases. But though the molecules may be free 
to move and may have on the average quite high velocities, they 
may not be able to go far, except in gases at very low densities, before 
striking another molecule. After an encounter between two mole¬ 
cules they may bounce away from each other, but in general not 
with the same individual speeds which they had before impact. 
A very fast molecule would on the average be slowed down, a very 
slow one speeded up. A crude analogy is that of a crowd of people 
jostling around inside a fenced enclosure. A man might rush in at 
high speed from the outside but he would soon be slowed down to the 
average speed of the crowd. If we could trace the motion of an 
individual molecule, as we could that of a man in the crowd, it would 
be made up of a series of straight jumps between successive impacts, 
which are called free paths, and if we could measure a large number 
of these and take the average it would be the mean free path for the 
gas under the given conditions. Obviously the smaller the number 
of molecules in a given enclosure the longer would be the mean free 
path. We cannot, of course, measure the free path of a gas mole¬ 
cule, but we can indirectly get a good estimate of its length. Table 
XI contains the results of such estimates for several gases. Return¬ 
ing to the analogy of the crowd enclosed by the fence, individuals 
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will be continually bumping into the fence, and the greater the aver¬ 
age speed of the individuals the more frequent and the more violent 
will be the bumps, and the average effect of these bumps will be a 
sort of pressure of the crowd against the fence. 

TABLE XI 

Characteristics of Gas Molecules 
Values are determined for the gas at 0° C. and at a pressure of 760 mm. of mercury. 


Mean Free Average Velocity Molecular Di- 
Substance Path (cm.) (cm./sec.) ameter (cm.) 

Argon. 8.84 X 10- 6 3.81 X 10 4 3.23 X 10~ 8 

Carbon dioxide. 5.6 X “ 3.6 X “ 4.1 X “ 

Helium. 25.1 X 11 12.02 X u 1.9 X “ 

Hydrogen. 16.3 X “ 16.94 X “ 2.38 X “ 

Nitrogen. 8.61 X u 4.53 X u 3.27 X u 

Oxygen. 9.06 X u 4.25 X u 3.19 X u 


The ideas of molecular motion in gases which we have been dis¬ 
cussing can be made more precise by considering an imaginary gas 
made up of elastic spherical molecules of mass m which rebound from 
the walls of the containing vessel without loss of energy. If the 
velocity of these molecules is high they will make many impacts per 
second per square centimeter of wall, and the summation of all of 
these impacts is the observed pressure of the gas. Since an increase 
in the velocity of these molecules will increase both the number of 
impacts per second on the wall, and the momentum ( mv ) of each 
impact, we should expect that the pressure would be proportional to 
the product v • mv or mv 2 , which is twice the kinetic energy of a 
molecule. The detailed theory confirms this, and the comparison 
of the theoretical expression for pV with the approximate equation 
for real gases, pV = RT, leads to the conclusion that the average 
kinetic energy of gas molecules is directly proportional to the absolute 
temperature of the gas. 

★The conclusion just stated can be reached by discussing a little 
more ‘carefully the pressure resulting from the impacts of such imagi¬ 
nary molecules on the walls containing them. Consider a hollow 
cube 1 cm. on a side containing n molecules each of mass m. For 
simplicity let us first imagine a highly artificial condition in which 
all the molecules are moving back and forth parallel to one edge (X), 
all with the velocity v, bouncing off the opposite faces without 
interfering with one another’s motion. Assuming that the impacts 
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take a negligible amount of time, each molecule will make v/2 back 
and forth trips per second, and, will therefore hit the right-hand 
(A) face (Fig. 215), say, v/2 times per second. At each impact on 
this face the momentum of a molecule will be changed from +mv to 
— mv, involving a change of momentum of 2 mv, and therefore the 
change of momentum per second impressed 
by the face A on each molecule will be 

v _ 

2 • 2 mv or mv 2 

and since there are n molecules moving 
independently the total change of mo¬ 
mentum will be 

nmv 2 per sec. 

But no real gas would have all of its 
molecules moving parallel to the X-axis, as we assumed. On the 
other hand the pressure of a gas which is on the whole at rest is 
observed to be the same in all directions. Hence we conclude that 
it is justifiable to modify our first assumption and say that, on the 
average, nj 3 molecules are moving along X, n/3 along 7, and n /3 
along Z. Our second assumption of no impacts between molecules 
appears at first sight very artificial, but if we recall that impacts 
between elastic spheres cannot destroy momentum, but only transfer 
it from one molecule to another, we can feel satisfied that on the 
average the impacts between molecules will not alter the result. 
Thus we conclude that 



mnv 2 


total change of momentum per second on one side of area 1 cm. 2 


In Sect. 23 we saw that a force is required to produce a change of 
momentum, its value being equal to the rate of change of momentum. 
But the force per square centimeter of side which is needed to balance 
the internal bombardment of the molecules is what we have de¬ 
fined as the measure of the pressure of a gas — therefore: 

nmv 2 jt\ 


To make the theory more plausible we should give up the hypothesis 
that all the molecules have the same velocity, and consider that our 
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v- is really the mean of the squares of all the velocities, that is 

- fl 2 


where v 1} v% - ■ • are the velocities of_individual molecules. With 
this understanding of the meaning of v 2 , we may apply equation (I) 
to any other gas, using subscripts to designate the quantities which 
belong to the second gas. Then 


and if these two gases are at the same pressure evidently 

nmv- — nariivp 

★ 183. Deductions from the Kinetic Theory. Experiment shows 
that if two bodies at the same temperature are placed in contact no 
heat will pass from one to the other, and a detailed discussion of the 
impacts of molecules shows that this will be true for two gases pro¬ 
vided mivf = my 2 . That is, equality of temperature means equality 
of average molecular K.E. If the two gases are at the same pressure 
as well as at the same temperature, nmiVi 2 = nmV and = mV-, 
hence nr = n; that is, any two gases at the same temperature and 
pressure will have the same number of molecules per cubic centimeter. 
This conclusion was suggested as a hypothesis applying to real gases 
by Avogadro in 1811, long before the development of the kinetic 
theory, and is well verified by experience. At 0° C. and a pressure 
of 760 mm. of mercury, all gases have 2.70 X 10 19 molecules per 
cubic centimeter. 

. Molecular Velocities. By measuring the pressure and density of 
a real gas at a fixed temperature and substituting the values of p 
and mn = density means “identical with”) in the equation 
V = 1 mnv ~ we can obtain a value for v-, the mean square velocity, 
assuming of course that the simple theory applies to real gases. By 
considering more in detail the impacts between molecules Maxwell 
(1860) deduced an expression for the distribution of velocities among 
the molecules, that is, the relative numbers of molecules which have 
velocities of various magnitudes from small to large. This expres¬ 
sion shows that only a very small proportion of molecules have either 
very small or very large velocities, and that at each temperature the 
largest proportion of molecules have what is called the most probable 
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velocity, the magnitude of which of course increases with the tem¬ 
perature. From the Maxwell distribution equation it is possible to 
find the average velocity at any temperature, that is, for any particular 
value of v 2 as experimentally determined (see above), and it is the 
average velocities which are given in Table XI. By a further ex¬ 
tension of the theory an expression for the coefficient of viscosity or 
internal friction of a gas can be found, and then from the experimental 
measures of viscosity the values of mean free path, such as are given 
in Table XI, can be computed. 

The number of molecules per cubic centimeter cannot be directly 
measured, but the value given depends upon a knowledge of Avo- 
gadro’s number , N, the number of molecules per gram-molecular 
weight, that is per M grams, M being the chemical molecular weight; 
for example, 28 for N 2) 44 for C0 2 . N is of course a universal con¬ 
stant, since for all compounds or elements, M, though not the actual 
mass of a molecule, bears a constant ratio to it. N can be deter¬ 
mined in a number of ways, perhaps the best depending on a knowl¬ 
edge of the charge of the electron (Sect. 358) and the measurement of 
the total electric charge carried by a known mass of matter in elec¬ 
trolysis (Sect. 305). 

The Sizes of Molecules.. A rough idea of the sizes of molecules 
can be obtained in a number of ways, for example by measuring the 
thickness of the thinnest soap film which can be produced, which 
cannot be less than one molecule thick. But the most reliable esti¬ 
mates are based on the idea that the mean free path depends on the 
radius of the molecules as well as the number per cubic centimeter (n) } 
in accordance with an equation which can be derived by an extension 
of the simple kinetic theory. Since the mean free path can be de¬ 
termined from viscosity measurements and n from Avogadro’s num¬ 
ber, the equation 

mean free path = ■ * 

enables us to compute the effective molecular diameters <r as given 
in Table XI. 

184. Extension to Liquids and Solids. It has been found that some 
of the ideas and results of the kinetic theory of gases are equally ap¬ 
plicable to liquids and solids. In particular the conclusion that all 
molecules at the same temperature have the same average kinetic energy , 
proportional to the absolute temperature , seems to be true in all cases. 
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In liquids the molecular motions are probably much the same as 
in gases though with much shorter mean free path, while in solids 
they are more in the nature of irregular vibrations in the neighbor¬ 
hood of the point where each molecule may be said to belong, 
to which it would settle down at extremely low temperatures. It 
should be emphasized that the molecular velocities which determine 
the temperature do not include the directed velocity of the matter as a 
whole, corresponding, for example, to the flow of a gas through a pipe. 

★ Brownian Movement. We have already referred to the diffusion 
of gases as evidence for high molecular velocities, which unfortunately 
cannot be directly observed. An interesting verification of this idea 
of the kinetic theory is furnished by a study of the motion of very 
fine particles, such as smoke particles in air, or particles of mastic 
in water. Such particles, as first observed by Brown more than a 
century ago, are seen to be in continual and irregular motion when 
observed with a powerful microscope. These motions are due to 
variations in the impacts of gas or liquid molecules on different sides. 
In other words, the particles are being jostled about by the invisible 
crowd of molecules which surround and bump into them. Careful 
measurements of the motion of such particles, by Perrin, have shown 
them to be in exact agreement with the ideas of the kinetic theory, 
the average energy of a single particle being proportional to the abso¬ 
lute temperature and equal to the average kinetic energy of a single 
molecule at the same temperature. 

185. Internal Energy. In the preceding paragraphs we have 
briefly reviewed one chain of reasoning which leads us to associate 
kinetic energy of molecular motion with temperature, in the case of 
gases, and to extend the idea to matter in all states, adopting the 
general hypothesis that the temperature of a body is proportional to 
the mean kinetic energy of its molecules. Recalling the statements in 
Sect. 122 as to the forces of attraction between molecules and the 
increase in potential energy involved in moving them apart or chang¬ 
ing their relative position, we can now define in a general way what is 
called the internal energy, XJ, of any portion of matter as made up of: 

1. Kinetic energy of motion of the molecules 

2. Potential energy of position of the molecules 

3. Kinetic and potential energy of the atoms in the molecules 


When we add energy to matter it may, according to circumstances, 
go into any or all of these internal forms, producing different effects 
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which we shall consider further, or as is usually the case, some of it 
may go into external work if the matter expands against external 
forces. 


QUANTITY OF HEAT 

186. Definition of Units. The first consideration in discussing the 
measurement of quantity of heat is to define the units in which it is 
to be measured. Unfortunately there are three units in common use, 
differing only in size, which are defined as follows: 

1. The gram-calorie or calorie is the amount of heat required to 
raise the temperature of 1 gram of water 1° C. 

2. The kilo-calorie is the amount of heat required to raise the 
temperature of 1 kilogram of water 1° C. 

3. The British Thermal Unit (B.T.U,) is the amount of heat 
required to raise the temperature of 1 pound of water 1° F. 

If we wished to be quite exact these definitions would have to specify 
just which 1° was to be used, but in the form given they are exact 
enough for our purpose. The more exact definitions would be neces¬ 
sary because the heat required to raise the temperature of 1 gram of 
water 1° C. depends slightly upon the degree chosen, being, for ex¬ 
ample, different for 0° to 1° C. and 15° to 16° C. 

187. Calorimetry, Method of Mixtures. An instrument for meas¬ 
uring quantity of heat is called a calorimeter, and the more common 
forms make use of what is called the method of mixtures. Suppose 
we wish to determine the heat which can be given off by a hot body 
such as a lump of iron, in cooling from a high temperature. This 
can be done by dropping the hot body into a known mass of cool 
water and measuring the rise in temperature of the latter. If the 
water is protected from loss or gain of heat from the outside we can 
safely assume that the heat which left the iron went into the water, 
which is the general assumption underlying this method of measure¬ 
ment. If in the experiment m grams of water were raised from t\ to 
t 2 ° C., it is evident that m(t 2 - h) calories left the iron when it cooled 
from the high temperature to t 2 ° C. 

188. Specific Heat. If we should successively expose equal masses 
of water and of copper in the same way to the same gas flame we 
should find that the temperature of the copper rose about ten times 
as much as the temperature of the water. Since the conditions under 
which the two were heated were made as nearly as possible the same 
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it is most reasonable to assume that the same quantity of heat entered 
each during the heating. Hence we are led to the conclusion that 
water and copper have different capacities for heat per unit mass, in 
the sense that equal quantities of heat will produce different tempera¬ 
ture changes in the same mass of each. The ratio of the amount of 
heat required to raise the temperature of the mass of any substance one 
degree to that required to raise the same mass of water one degree is 
called the specific heat of that substance . Specific heat is usually ex¬ 
pressed in cal./gm. °C., or B.t.u./lb. °F. 

If we carried out the experiment just described with different 
masses of the same substance we should find that the increases in 
temperature were inversely proportional to the masses. Or, put 
conversely, the quantities of heat required to produce the same tem¬ 
perature change in different masses of the same substance are di¬ 
rectly proportional to the masses, a conclusion which is almost 
axiomatic. Thus if s units of heat are required to heat 1 gram of a 
substance 1° C. (the specific heat), ms units will be required to heat 
a mass of m grams 1° C., and this is called the heat capacity of the 
body. If a body is a mixture of different substances in the amounts 
mi, m 2 , m 3 , etc., its heat capacity, S , would evidently be given by 

where $i, $ 2? $ 3 , etc., are the specific heats of the constituent substances. 

HEAT AND WORK 

189. The Nature of Heat. From the beginnings of science till early 
in the last century there were two rival opinions as to the nature 
of heat. According to one view heat was an imponderable fluid 
called “ caloric " which penetrated the pores of all bodies like ink 
in a blotter and of such a nature that a body became warmer when 
more caloric was put into it, and cooler when caloric was removed. 
The other view, held by Newton, Cavendish and others, character¬ 
ized heat as the internal motion of the particles of bodies. To ex¬ 
plain the production of heat by friction the “calorists" assumed that 
matter had a less “capacity for caloric" when broken into fine par¬ 
ticles. Thus the “caloric" which appears when solids are rubbed 
together, or when a solid is broken up by hammer blows, was con¬ 
sidered to be liberated “like honey from a broken comb" from the 
particles produced by rubbing or hammering. About 1800 Count 
Rumford, head of the royal munitions factory at Munich, studied the 
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heat developed in boring cannon, and concluded that the heat pro¬ 
duced, as measured by the warming of water placed in the bore, was 
more dependent on the amount of work done than on the amount of 
metal broken up. 

In spite of these experiments opinion remained divided until the 
quantitative measurements of Joule about 1845 gave the death blow 
to the materialistic theory of the nature of heat. In his experi¬ 
ments Joule arranged a set of paddles which could be rotated in 
water by a pair of falling weights, the water and its containing vessel 
forming a calorimeter such as we have described for measuring quan¬ 
tity of heat (Fig. 216). The water was warmed by the churning of 
the paddles, and knowing the mass of the water and the rise of tem¬ 
perature produced he could compute the heat generated in units 
such as we have defined. From the mass m of the weights and the 
height h through which they fell he could compute the work mgh 
done by gravity in driving the 
paddles. Thus by dividing the 
number of units of work done 
by the paddles by the number 
of units of heat produced he 
found that a definite and fixed 
amount of work was required to 
produce a unit of heat. 

It was necessary of course to 
take many precautions and de¬ 
termine several corrections, in 
order, for example, to eliminate loss of heat during the experiment, 
to allow for the heat taken up by the containing vessel and the 
paddles, and to determine exactly the amount of work which was 
done by the paddles. The essential correctness of Joule's conclusions 
has been confirmed by many others using modified and improved 
forms of apparatus. Since Joule's time it has been universally held 
that heat is a form of energy which can be produced by the conver¬ 
sion of any other form of energy such as kinetic energy of mass mo¬ 
tion or potential energy of position. Conversely heat can be con¬ 
verted, under important restrictions which will be discussed later, 
into any other form of energy. 

190. Mechanical Equivalent of Heat. The number of units of work 
required to produce one unit of heat is called the mechanical equivalent 
of heat , for which the usual symbol is J . Thus if W units of work are 
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converted into H units of heat, 
tells us that 


the work of Joule and his successors 
’= JH 


J being a constant independent of the magnitude of W and H , but 
whose numerical value depends of course on the units in which W 
and H are expressed. In terms of the units in which we shall be 
interested we have 


J = 4.18 X 10 7 


ergs 

cal. 


: 4.18 ^ 


778 B.T.XJ. 


★ Mechanical Equivalent: Rowland’s Apparatus. Figure 217 shows 
in outline the apparatus used by Rowland, which involved one impor- 



Fig. 217. — Rowland’s Apparatus 


tant improvement over the 
method of Joule, namely 
the measurement of the 
mechanical power at the 
calorimeter thus eliminat¬ 
ing all losses by friction 
between the source of 
power, in this case a steam 
engine, and the calorime- 



Fig. 218. — Stationary and Ro¬ 
tating Paddles in Rowland’s 
Calorimeter 


ter. To accomplish this the calorimeter was suspended by a torsion 
wire W . The rotation of the inner paddles, dragging on the water, 
produced a torque tending to rotate the calorimeter with the pad¬ 
dles. This torque was balanced by a torque 2 mgR due to the two 
equal weights m attached to wires leading off from an accurately 
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circular disk D, of radius R centimeters, attached to the calorim¬ 
eter case. The torque on the stationary part of the calorimeter 
due to the rotating paddles is of course equal and opposite to the 
torque on the rotating part (action equal to reaction) and this in turn 
is the sum of the torques of the frictional forces acting on the various 
parts of the moving paddles, each at a certain distance r from the 
axis of rotation. Hence we have 

2/ • r = 2 mgR 

But the work done by each elementary frictional force per revolution 
of the paddles is / • 2 tt r, and hence the total work done in N revo¬ 
lutions is • r = 4 irNmgR . The work done against friction 

is all converted into heat, raising the temperature of the water and 
the material of the calorimeter, hence if 

M. w = mass of water in calorimeter 
M c = mass of calorimeter, including paddles 
s c = specific heat of material of calorimeter 
t 2 — h = rise in temperature of calorimeter etc., produced by N revo¬ 
lutions of the paddles 

we have 

4 7 rNmgR = (t 2 — ti) (M w + s c M c ) + Q 

where Q is the heat lost by radiation, conduction, etc., from the 
calorimeter during the elapsed time. . Comparing this equation with 
the defining equation W = JH it follows that 

r _ 4 rNmgR _ 


The loss of heat Q can be determined from observations of the rate 
of cooling of the calorimeter, from the temperature U, with the paddles 
at rest. Or, more simply, the loss of heat can be approximately 
eliminated by having the initial temperature of the calorimeter, 
hj below the temperature to of its surrounding case, since under these 
conditions the calorimeter will gain heat from the surroundings as 
long as it is at a lower temperature, and lose heat when its tempera¬ 
ture is above that of its surroundings. In order that the loss should 
very nearly compensate the gain, the temperatures must be so ar¬ 
ranged that to — h is greater than t% — t 0 . 

Mechanical Equivalent: Electrical Methods. Since the energy 
dissipated as heat when an electric current flows through a wire can 
be measured very accurately by electrical instruments, it follows 
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that such measurements furnish an accurate, though indirect , method 
of measuring the mechanical equivalent of heat. For the electrical 
measurements give (indirectly) the energy dissipated in ergs per 
second, and if this energy is absorbed by water, either in a mixture 
calorimeter or in one of the continuous flow type, the quantity of 
heat produced can be measured in calories. Some of the most 
accurate recent determinations of J have been by indirect electrical 
methods. 

191. Transformations of Energy. The mechanical equivalent of 
heat is one of the most important physical constants, for the com 
version of work into heat and heat into work is continually going on 
both in nature and in human activities. All work done against 
friction involves the conversion of work (or energy) into heat, and 
since all machines are subject to friction between their fixed and 
moving parts, as in the bearings of an engine or the axles of a car, it 
is evident that this conversion is of very common occurrence. Since 
the heat generated by friction not only means a loss of useful energy 
but also, if excessive, interferes with the running of machines, much 
effort has been expended to reduce this loss by careful lubrication 
and the use of ball bearings and other similar devices. A less obvious 
natural example of conversion in the same direction is the splashing 
of waves, by which process most of the kinetic energy of mass motion 
of the water is ultimately converted into internal molecular motions 
— i.e., into heat. 

The conversion of heat into work takes place on a large scale in 
nature. The gases and vapors of the atmosphere are heated by the 
absorption of solar radiation, and hence expand and do work against 
the pressure of other portions of the atmosphere. The processes 
are too intricate to be discussed in detail here, but the energy of mass 
motion of the winds and the gravitational potential energy of water, 
vaporized at sea level and deposited as rain at high altitudes, are two 
large results of the conversion of the heat from solar radiation into 
mechanical energy. On a smaller scale, but of the greatest practical 
importance, is the conversion of heat into mechanical work by steam 
engines and all internal combustion engines such as those using oil, 
gasoline, or gas, which will be considered in more detail in a later 
section. 

192, The Conservation of Energy. At about the time of Joule's 
experiments there was being formulated a law, first clearly stated by 
Helmholtz, which has proved to be the most general and fundamental 
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of all physical laws, namely, the law of the conservation of energy, which 
states that in all physical changes energy is neither created nor de¬ 
stroyed, though it may be changed from one form to another. That 
is to say, kinetic energy, gravitational potential energy, heat, elec¬ 
trical and magnetic energy, energy of chemical combination, are 
convertible into each other, but in all such conversions no energy is 
lost or gained. This law cannot be directly proved, but it is a hy¬ 
pothesis suggested by experience and so far it has proved to be 
consistent with all experiments and observations. 

First Law of Thermodynamics . This law is a special case under the 
general law of conservation of energy, to the effect that in trans¬ 
formations of heat into other forms of energy, or vice versa, no energy 
is created or destroyed . As in the case of the general law of conserva¬ 
tion of energy, our confidence in the first law rests not on a specific 
proof, but upon an accumulation of experimental evidence of its 
validity. Many conclusions have been drawn based on the assump¬ 
tion of the first law, and these conclusions have been in all cases 
confirmed by experiment. We shall make frequent use of the law 
in succeeding sections. 


SPECIFIC HEAT 

We are now prepared for a more detailed consideration of the 
specific heat of various materials, with special reference to the 
difference between the specific heats of solids and liquids as com¬ 
pared to gases. 

193. The Specific Heat of Solids. The simplest way to determine 
specific heat is with a mixture calorimeter such as is shown in cross 
section in Fig. 219. The outer vessel Co has double walls with water 
between to maintain a constant temperature. The inner vessel C 
is of light metal, polished on the outside to minimize heat loss by 
radiation (Sect. 204), and is mounted on poorly conducting (Sect. 
201) supports. A known mass of water Mw is placed in the inner 
vessel, together with a stirrer and a thermometer for indicating the 
temperature of the water. Above the calorimeter is a heater H , 
which is a convenient water boiler with a free central tube in 
which, can be suspended the mass m of the substance whose spe¬ 
cific heat is to be determined. The water may be boiled either 
by a ring burner or an electrical heater, care being taken to avoid 
the direct radiation from the heater to the calorimeter. Just before 
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the hot mass is lowered into the calorimeter, the bulb of thermometer 
T 2 is sunk in a hole in the mass and the temperature, t m , of the hot 
body is read. If k and k are the temperatures of the calorimeter 
before and after the hot body is put in, the application of the prin¬ 
ciple of mixtures (Sect. 187) gives at once the equation 

M w (k - ti) = m(t w ~ k)s 


from which $ can be determined. 




latter is rising from k to k. 


While this is the fundamental 
equation of this method of meas¬ 
uring the specific heat, it should 
be borne in mind that there are 
a number of corrections to be 
applied and precautions to be 
taken if results of any consider¬ 
able accuracy are to be obtained. 
The most important of these is 
to take account of the heat ca¬ 
pacity of the calorimeter vessel 
C, whose temperature also 
changes from k to k. This is 
done by substituting (M w + m c s c ) 
for M w , where m c and s c are the 
mass and specific heat of C. 
The next step is to allow for 
the heat lost by radiation and 
convection from C while the 
temperature is rising from k 
to k- This loss of heat can be 
reduced to a negligible amount 
by having k below and k above 
the temperature of the outer 
vessel Co, as discussed at the 
end of Sect. 190. When ex¬ 
treme accuracy is desired electri¬ 
cal heating coils are placed in 
the outer vessel which supply 
heat at such a rate that Co is 
always at the same temperature 
as the calorimeter while the 
Such an arrangement is called an 
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adiabatic calorimeter. Table XII gives the specific heats of a 
number of solids at ordinary temperatures. 


TABLE XII 
Specific Heats 

Values are given in calories per gram per degree centigrade. 


Substance 

Specific 

Substance 

Specific 




Heat 

Solids 


Zinc. 

. .. .093 

Aluminum. 

.217 

Glass. 

. .. .20 

Brass. 

.092 

Wood. 

. .. .42 

Copper. 

.093 



Granite. 

.192 

Liquids 


Ice (-10° C.). 

.53 

Acetone. 

. .. .528 

Iron. 

.113 

Benzene. 

. .. ' .406 

Lead. 

.030 

Ethyl alcohol (25° C.) .. 

... .581 

Marble. 

.21 

Mercury. 

... .033 

Tin. 

.055 

Water (15° C.) . 

... 1.000 


194. Specific Heat of Liquids; Constant Flow Calorimeter. The 

specific heat of liquids can be measured by the method just discussed, 
the liquids being held in a container whose heat capacity is allowed 


Voltmeter 


Conductor 


' Flow Tube 4 h ™et e r 


Inlet 1 


x Vacuum Jacket 


* Outlet 


Battery 


Ammeter 


Fig. 220. — Callendar and Barnes Calorimeter for Determining 
the Specific Heat of Liquids 


for, but the method of constant flow is also frequently used. The 
essential feature of this method of calorimetry as applied to deter¬ 
mine specific heats is that one measures by electrical means the 
energy required to raise the temperature of the substance a known 
amount. Hence in describing it we shall have to anticipate the 
•results of Sect. 288. Figure 220 shows the important parts of the 
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instrument as developed by Callendar and Barnes. By means of 
suitable reservoirs, or circulating pumps, a steady flow of the liquid, 
whose specific heat is being determined, is maintained through the 
apparatus. At the same time an electric current is caused to flow 
through the central conducting wire W, around and in contact with 
which the liquid is flowing — the liquid in this case being a non¬ 
conductor of electricity. The magnitude of the electric current is 
measured (in amperes ) by the ammeter A , and the difference in elec¬ 
trical potential between the ends of the fine wire measured (in volts) 
by the voltmeter V. The passage of an electric current through a 
wire results in converting electrical energy into heat in the wire, and, 
as will be shown in Sect. 304, the amount of energy H so converted, 
under these circumstances, is measured by the product of the current 
and the fall of potential between the ends of the wire, and the time — 
that is, 

H ergs ~ lamps * & volts * 10 7 ■ t 

(The factor 10 7 is necessary because of the units used to measure 
current and potential difference.) Part of this heat will be lost, by 
radiation and conduction, to the surroundings; the greater part will 
be absorbed by the flowing liquid, raising its temperature. When 
equilibrium has been attained the two thermometers, one measuring 
the temperature of-the incoming liquid, the other that of the out¬ 
going liquid, will show a constant difference of temperature Ad.* If 
now the mass of liquid, M, which passes in a measured time t is 
determined by weighing, it follows from the law of conservation of 
energy that 

I • E • MO’ = MsAQ + Q (1) 

where Q represents the unknown loss of heat, and s is the specific 
heat to be determined. In order to eliminate Q, the rate of flow and 
the current I should both be changed in such a way as to maintain 
the same rise in temperature Ad. Since the losses depend only on the 
temperatures, Q will be the same and the following equation will hold: 

/iTi'M0 7 = MisAd + Q (2) 

Subtracting (1) from (2) we have 

(/i. & - Z ■ E)t • 10 7 = (M x - M)sA6 

* Heretofore we have consistently used t for temperature on the centigrade 
scale and T for temperature on the Kelvin scale. Here, since both time and 
temperature appear, we use Q for temperature and t for time. 
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from which $ can be determined. Table XII gives the specific heats 
of a number of liquids at ordinary temperatures. 

195. Specific Heat of Gases;* General Considerations. The spe¬ 
cific heat of gases requires special consideration because of the large 
coefficient of expansion which gases possess, and we must first discuss 
the work done by an expanding gas. If a gas is confined in a vessel 
with a movable piston such as is provided by the mercury globule in 
'the capillary of Fig. 213, this piston will be pushed out against the 
external atmospheric pressure if the gas is heated. If the external 
pressure is p and the area of the movable plug a, then the force 
opposing its outward motion is pa and we have learned (Sect, 32) 
that the work done in moving a distance l against this force will be 
paly which work will be done by the expanding gas while its temperature 
is being raised from t\ to fe. On the other hand, if the gas were con¬ 
fined at constant volume while its temperature were raised the same 
amount, no external work would be done and furthermore, since the 
average distance between the molecules would not be changed, there 
would in this case be no change in the internal potential energy of the 
molecules with respect to each other (Sect. 122). Now the law of 
conservation of energy when applied to this case means that if we add 
a certain amount of heat energy to a gas, this must equal the sum of 
all the changes in energy which are produced by the addition of heat. 
Assuming that we can eliminat e all the ordinary losses of energy, such 
as the escape of heat by radiation and conduction, we then have an 
equation of the following form which expresses the idea that energy is 
conserved: 

Heat added = increase in kinetic energy of molecules of gas 
+ change in internal energy of molecules 
+ change in potential energy of molecules 
+ external work done 

Considering the items on the right-hand side, the first determines 
the change in temperature -of the gas, according to Sect. 182; the 
second includes all possible changes in the potential or kinetic energy 
of the parts of a molecule with respect to each other such as changes 
in the vibration of the atoms inside a molecule and the changes in 
position of the atoms with respect to each other; the third, as we 
have said, covers the change in the potential energy of the molecules 
with respect to each other due to a change in their average distance 
apart (change of volume); the fourth has already been explained, and 
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may be either positive or negative according as the gas is allowed to. 
expand, or is compressed, when the heat is added. The first three 
terms together represent the change in the internal energy of the gas 
as defined in Sect. 185. 

196. Condition-Point Diagram for a Gas. The discussion of these 
changes will be made clearer by considering a unit mass of gas and 
representing its condition by a point on a diagram (Fig. 221), the 
ordinate of the point being the pressure (pj of the gas when confined 
in a volume represented by the abscissa of the point (z>i). It will be 
convenient to call such a point a condition point. Now, as was 

stated in Sect, 181, it is found 
that a certain mass of a given 
gas can occupy a specified 
volume (vi) at a specified 
pressure (pi) only if it is at a 
certain temperature, which 
we can denote by t x on the 
centigrade scale, or Ti = h + 
273 on the absolute scale. 
We have seen (Sect. 181) that 
if we maintain the gas at a 
constant temperature we can 
vary the pressure and volume, 
but only in a certain way, 
namely so that the pressure 
and volume always satisfy the equation pv = RTi (Law of Boyle 
and Charles). For example, if we start with the gas in the condition 
PiVi as above and compress it to Vi/2 (7\ constant) the pressure will 
rise to 2 p, while if we expand it to 2 v the pressure will fall to pi/2, 
and so on. The series of points on the diagram of Fig. 221 deter¬ 
mined by the values of p and v satisfying the equation pv = RTi lie 
on what is called an isothermal curve, since it represents all possible 
conditions of unit mass of a particular gas when the temperature has 
the constant value TV Starting with the gas in the condition p : v i, if 
we keep the volume constant and add heat we know that the tempera¬ 
ture and the pressure will increase, and when the temperature has 
reached some higher value T 2 , the condition of the gas will be rep¬ 
resented by some higher point p%v i. 

In the same way as before we can determine the isothermal curve 
through this point for the temperature TV Evidently some one iso- 



Fig. 221. —Isothermal Curves 
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thermal will pass through each point on the diagram, but never two 
through the same point since it is impossible to have a fixed amount 
of a given gas at a given pressure and volume but at two different 
temperatures. (For a gas obeying the law pv = RT the isothermal 
curves are known mathematically as rectangular hyperbolas.) 

Any line drawn on the pv diagram can be considered as the path 
traced out by the condition point of a gas and therefore as describing 
a particular change or process carried out on the gas. Thus if the 
condition point moves vertically upward, this represents heating the 
gas at constant volume; if horizontally to the right, this means 
heating and expanding at constant pressure, and so on. 

197. Work Done by an Expanding Gas. Suppose a gas, initially in 
condition piVi (Fig. 222), is confined in a cylinder of unit cross section 
having a movable piston, and let /i be the force on the piston. If 
/ x = pi there will be equilibrium, but if /i be reduced very slightly 
below pi the gas will push the piston out, say through a distance AZ, 
increasing the volume of the 
gas by Av. If the temperature 
of the gas is kept constant (T) 
and the force on the piston is 
always kept just below the gas 
pressure, the gas will continue 
to expand, its condition point 
following the isothermal curve 
T until expansion is stopped 
at some point by making 
f 2 — p 2 . How much work will 
the expanding gas do against 
the force /? Let the change 

— Vi be divided into a num¬ 
ber of steps Av. If the pres¬ 
sure had been p x during the first step the work done during this step 
would have been/i • A l — PiAv; if the pressure had been p/, the work 
would have been p/ Av, and the actual work must be between these two 
values. Similar considerations apply to all the steps, and we see that 
the actual work done in expanding along the curve T must be inter¬ 
mediate between the sum of the areas of all the longer rectangles and 
the sum of the areas of all the shorter rectangles. By increasing the 
number (and decreasing the width) of the rectangles between v x and 
v 2 indefinitely the difference between the areas of the long and short 



Fig. 222. — The Work Done by an Expanding 
Gas Is Equal to the Area under the Curve 















238 


HEAT 


rectangles can be decreased indefinitely, and we conclude that the 
actual work done in expansion is equal to the area under the curve T 
from p lVl to p 2 V 2 . Since we have not used any special characteristic 
of the curve T, this conclusion is true for any curve or path on the 
pv diagram provided the force / is always very nearly in equilibrium 
with the pressure at each point. If / is greater than the equilibrium 
value compression will result and work will be done on the gas. 

198. Specific Heats of Gases; Definitions. Returning now to the 
matter of the specific heat of a gas, defined as usual as the heat 
required to raise the temperature of unit mass 1° C., it is evident 
from Fig. 221 that we might pass from p 1 v 1 T 1 to the isothermal 
Tj - T x + 1 by an infinite number of paths, for each of which a 
different amount of external work would be done and hence a dif¬ 
ferent specific heat observed. Of these only two are used, as follows: 

Specific heat at constant pressure, Sp: the heat required to raise the 
temperature of 1 gram of gas 1° C. under constant pressure. This 
applies to the change from p lVl to p lVi> and the added heat goes into 
a change m molecular kinetic energy (temperature change), internal 
molecular energy, molecular potential energy, and external work 

Specific heat at constant volume, the heat required to raise the 
temperature of 1 gram of gas 1° C. at constant volume This ap¬ 
plies to the change m to m , and the added heat goes into molecular 
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be made by the method of mixtures by putting the gas in a light 
metal container, under several atmospheres’ pressure in order that 
a sufficient mass of gas might be used, but usually a more sensitive 
method is used. To determine s p the gas is usually allowed to flow 
(Fig. 223) at constant pressure, first through a coil of metal tubing 
in a heater in which it absorbs heat and is raised to the temperature 
t 3j and then through a similar coil in the water of a calorimeter where 
it gives up heat and falls to the temperature k (at the same pressure), 
this constituting a special form of constant flow calorimeter. If 
the flow of m s grams of gas, cooling from U to the average final tem¬ 
perature (<i + h)/ 2, raises the temperature of m» grams of water 
from k to 4, then, by the principle of mixtures 


from which s s can be obtained to a first approximation. Values of 
and Sp are given in Table XIII. 

TABLE XIII 

Specific Heats of Gases and Vapors 
Values are given in calories per gm. per degree centigrade; sv is specific heat at con¬ 
stant volume; sp is specific heat for constant pressure (1 atmosphere) and for the 
indicated temperature. Most of the values of sv are computed from the experimental 
values of sp and y. 


Gas 

Sp 

S V 

ii 

Air (0°-100° C.). 

.2374 

.169 

1.403 

Argon (20°-00° C.). 

. .1233 

.0740 

1.668 

Carbon dioxide (15°~100° C.). 

.2025 

.1553 

1.304 

Helium 18° C. 

. 1.250 

.753 

1.660 

Hydrogen (21°-100° C.). 

.:.. 3.410 

2.418 

1.410 

Nitrogen 15° C. 

.2478 

.1764 

1.404 

Oxygen 15° C. 

.2178 

.1554 

1.401 

Water vapor (100° C.). 

.421 

.316 

1.33 

Ether (CJhoO) (35° C.). 

.4449 

.434 

1.024 

199. Heat of Combustion. 

The method of 

mixtures is also ap- 


plied to determine the amount of heat liberated in burning a known 
mass of any fuel such as coal or coke. In this case the weighed 
amount of fuel is placed in a strong steel vessel (called a combustion 
bomb) containing enough oxygen at high pressure for complete 
combustion (Fig. 224). An electrically heated wire will serve to 
start combustion, the vessel being immersed in a known mass, m, of 
water at the temperature k- If after combustion the water tern- 
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TABLE XIV 

Heats op Combustion 
Approximate values, in calories per gram. 


Alcohol, ethyl. 7080 

methyl. 5300 

Coal, bituminous. 6100-8700 

hard anthracite. 7000-8400 

coke. 8000 

lignite. 4500-7900 

Coal gas (caL/meter 3 , p = 1 atm.). 5400-6000 

Crude oil.!. 11,094 

Gasolene. 11250 

Hydrogen. 33,900 

Methane. 1 3(100 

Wood, oak. 4 gQ 0 

P ine . 5085 


perature is t 2 , then the heat liberated is m(U - h). The heat liber¬ 
ated by burning unit mass of any fuel, called the heat of combustion 

is its most important charac¬ 
teristic, since it chiefly deter¬ 
mines the value of the fuel. 
Some heats of combustion are 
given in Table XIV. 

TRANSFER OF HEAT 

Heat can be transferred 
from one point to another by 
three different processes, all 
of these being familiar from 
common experience and 
known as conduction, convec¬ 
tion, and radiation. 

200. Conduction is the 
process by which heat travels 
through a! substance without 
any visible motion of any 
part of the substance, as for 
Fig. 224. — Bomb Calorimeter example Up the handle of a 

Poker whose end is held in a 
hre. Everyday experience, confirmed by experiment, shows that the 
heat travels from a region of higher to a region of lower temperature, 
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and that the greater the difference of temperature between two points, 
other conditions being the same, the more heat will be conducted 
per second between them. Everyone is familiar also with the dif¬ 
ference between good conductors and poor conductors—witness the 
ivory, bone, or wooden handles on metal coffee pots. S imilar ly, 
the fact that a tile floor feels much colder to the bare feet than a 
rug, though both the tile and the rug are at the same temperature, 
is due to the fact that the former conducts the heat away more 
rapidly. Thus conduction depends on temperature difference and 
on a specific property of different substances which is called their 
thermal conductivity. The rate of conduction of heat will also 
increase with the cross-sectional area' of the material through which 
the heat is flowing; other things being equal, a poker of large diameter 
will conduct proportionately more heat than a slim one. More 
careful consideration leads to,,the., experimental equation 



where H c is the heat conducted in t sec. through material of thermal 
conductivity K, of uniform cross section A cm. 2 normal to the di¬ 
rection of heat flow, the temperature falling uniformly from 0 2 to 9 X 
over a distance of l cm., (d 2 — 81 )/l being called the temperature gradient. 
Applying this to the special case where A, l, t, and (0 2 — 6 i) are all 
unity we see that: 

K is the amount of heat conducted in 1 second through an area of 1 cm. 2 
with a temperature gradient of 1° C. per centimeter. 

The value of K for good conductors such as metals can be deter¬ 
mined by forming the material into a rod of uniform cross section A 
and length l r maintaining one end at a constant high temperature 
and measuring with some form of calorimeter the heat conducted to 
the other end of the rod in a measured time. Thus by measuring 
all the quantities in the conductivity equation except K, we can 
use that equation to determine K. 

201. Measurement of Thermal Conductivity. A convenient method 
for carrying out such measurements is that devised by Searle, 
shown in section in Fig. 225, which is an application of the method 
of continuous flow. The material being studied is used in the 
form of a bar B of uniform cross section A cm. 2 , one end of which 
is soldered or otherwise tightly fastened into the wall of a heater H 
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while the other end is similarly fastened into the wall of a cooling 
vessel C. A steady flow of water, at a constant initial tempera¬ 
ture ft which can be read by the thermometer T h is maintained 
through C, the temperature of the outflowing water 0 2 being read 
by the thermometer T t . If a constant flow of steam is maintained 
through H, the heat conducted along the bar to the water in C will 
produce a steady difference of temperature, 0 2 - 0i, between the 
water entering and leaving C. The bar is surrounded with loose 
cotton wool or similar nonconducting material in order to reduce 
the loss of heat by convection and radiation from the surface of the 



Fig. 225. — Apparatus for Measuring Thermal Conductivity 


bar, and H and C are also covered with a nonconducting layer in 
order to prevent gain or loss of heat by C, in particular the direct 
transfer of heat from H to C by radiation. Two thermometers, 
and Ti, are inserted in the bar l cm. apart. If 0 3 and 0 4 are the tem¬ 
peratures of these thermometers when the bar is in a steady state, 
(03 - 04 )/l will be the temperature gradient. If the temperature in 
H is 0 8 , the heat conducted along the bar in time t seconds will be 


K being the thermal conductivity of the bar. If M gm. of water 
passed through C in the time t then 


from which K , the mean conductivity over the temperature range 
S a to 02 , may be determined in calories per cm. 2 per unit tempera¬ 
ture gradient. As here described this method is particularly adapted 
for studying good conductors of heat; for poor conductors, such as 
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wood or stone, a similar method may be used, but the material would 
be used in the form of a plate instead of a bar' (i.e., A large and l 
small) in order that an easily measurable amount of heat would be 
conducted with a moderate temperature gradient. 

It must be emphasized that the equation we have been discussing 
applies accurately only to cases in which the temperature of the 
conducting material is everywhere steady, for if the temperature of 
the material should be rising, it is evident that some of the heat en¬ 
tering at the hot end must remain in each part of the substance in 
order to raise its temperature. 

The thermal conductivities of liquids and gases can be determined 
by somewhat similar methods, but special precautions are necessary 
to ensure as far as possible that conduction alone, and not a combi¬ 
nation of it with convection and radiation, is being measured. 

TABLE XV 

Thermal Conductivities 

Values given in calories per second, through 1 cm. 2 of surface perpendicular to the 
direction of flow, when the temperature gradient is 1° C.per cm. 


Air..000057 

Aluminum.48 

Asbestos paper.0006 

Bismuth, polycrystalline.0194 

Brass.26 

Brick.0015 

Copper.908 

Cotton wool (felted).. .000033 

Glass (window).0025 

Granite.0045-0050 

Hydrogen.00034 

Ice.005 

Iron (pure).161 

steel.115 

Mercury.015 

Quartz, crystalline, parallel to axis.030 

perpendicular to axis.16 

fused.0024 

Sand, dry.00093 

Sawdust..00012 

Silk...000095 

Wood, fir, parallel to grain.00030 

perpendicular to grain.00009 


Table XV gives the values of K for a number of materials, and 
attention should be called to several facts which these figures il- 
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lust-rate. In the first place it is to be noticed that metals have much 
higher conductivities than nonmetals, and since, as everyone knows, 
metals are also good conductors of electricity, one is led to suspect 
that the same internal mechanism is largely responsible for both 
characteristics. It is also to be noted that the state of subdivision 
of a substance influences its conductivity, solid wood being a much 
better conductor than sawdust. This is evidently due to the in¬ 
terruption of the path of conduction, it being necessary for the 
heat to pass from grain to grain either across a poor contact or else 
through the intervening air. The low conductivity of cotton and 
wool, the fur of animals, and the feathers of birds is due to the same 
cause. In fact, the general method of producing an artificial poor 
conductor is to choose a substance whose conductivity in solid form 
is as low as possible and use it in subdivided form to entrap air so 
that it cannot circulate freely. 

More use could profitably be made of materials of low conductivity 
in the heat insulation of houses, for materials are now becoming 
available which are sufficiently inexpensive and permanent so that 
a layer can be put around the entire house, and it is evident that a 
sheath of low conductivity not only reduces the loss of heat from the 
inside in winter, but the gain of heat from the outside in summer. 

202. The Mechanism of Heat Conduction. Our general idea of the 
proportionality of average molecular kinetic energy to temperature 
gives us at once a rough picture of the process of heat conduction, 
for if the molecular kinetic energy is increased at one end of a bar 
by heating, one would expect that some of this excess energy would 
be passed on by molecular impacts toward the end where the kinetic 
energy is least. But the details of the process are not understood, 
and it is not possible to predict from a knowledge of other properties, 
what the thermal conductivity of even a homogeneous substance will 
be. That conduction depends in an intricate way upon the arrange¬ 
ment of the molecules in a given solid is shown by the difference in 
K between fused and crystal quartz, the latter also showing different 
values of K in different directions as shown in Table XV. Metals 
which crystallize in other than the cubic form also conduct differently 
in different directions, and experiment has shown that in the case 
of bismuth, at least, the conductivity of the ordinary polycrystalline 
form is the average of the conductivities of single crystals with a 
random arrangement of axes. Apparently the interfaces between 
the minute crystals in a polycrystalline mass (Sect. 123) have very 
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little influence on the conductivity. The high conductivity of met¬ 
als for both heat and electricity is undoubtedly due to the presence 
in the body of metals of many easily movable electrons (see Sect. 
122), and on this basis a preliminary theory has 
been worked out. 

203. Convection. Noticing the extremely low 
conductivity of air in Table XV one might very 
well ask why bother with poor conducting solids 
for heat insulation — why not use simply a layer 
of air? The reason is that air, in common with 
all fluids, can carry heat much more readily by 
convection than by conduction. The process of 
convection depends upon expansion and conse¬ 
quent decrease in density, with rise in tempera¬ 
ture. The warmer, 
less dense portion of 
fluid is then pushed 
upward by the heav- 
cooler portions 
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Pig. 226. — Convection 
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and a circulation 
started which is most effective in carrying 
heat from one point to another. A glass 
tube filled with water and heated below 
one vertical arm as in Fig. 226 will develop 
rapid convection, which can be shown by 
putting in a little soluble aniline dye or 
other coloring matter at the top. Con¬ 
vection is thus the transport of heat by 
the motion of the matter containing it. 

In some practical problems we wish to 
make use of convection, as for example in 
heating a house by hot air or hot water, in 
which case a definite path for the down¬ 
ward flow of the cooled fluid should be 
provided, as illustrated in Fig. 227, and 
the heat should be added near the lowest 
part of the system. In other cases we 
wish to decrease convection as much as 
possible, in which case we break up the 
convective circulation by trapping the air, as was pointed out 
before. The most effective way is to interpose an evacuated space 
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between the hot and cold surfaces, there being then nothing to cir¬ 
culate. This is done, more or less effectively, in the “vacuum” 
jacketed vessels, shown in section in Fig. 228, used to prevent loss 
of heat from hot liquids or access of heat to cold liquids. In such 
cases the transfer of heat should be limited to the 
process of radiation, but the usual commercial 
vessels or thermos bottles have enough air left in 
the interspace so that gas convection and conduc¬ 
tion are still effective. 

Convection occurs on a large scale in the earth’s 
atmosphere, most simply in the land and sea breezes 
which occur on the shore of a large body of water. 
The air over the land being heated more by day 
rises and is replaced by cooler air from over the 
water giving a sea breeze by day. At night the 
land cools more quickly than the water (recall 
the large specific heat of water) and the circulation 

X' iur. — ju/c w ox 

Flask is reversed. 

204. Radiation. That there is a third process of 
heat transfer quite different from conduction or convection is a matter 
of everyday experience: we can warm our hands by holding them 
anywhere in front of a fire, though the surrounding air 
may be cold. Furthermore the common electric heater 
having a concave metal reflector as in Fig. 229 shows 
us that this sort of transfer can be sent in any direc¬ 
tion in which the mirror is pointed. That matter is not 
necessary for the transfer of heat by radiation is shown 
by the old-fashioned incandescent lamps from which 
the air around the filament has been exhausted, or by 
placing a modern lamp under a bell jar and exhausting 
the air around it. With the highest vacuum which can 
be produced we still can see and feel the radiation from 
the filament. It is also a matter of common observa¬ 
tion that the higher the temperature of a body the 
more intense is the radiation from it, though we can Fig- 229.—Sec- 
feel the radiation from bodies at such low tempera- ^ Heater 
tures — a hot teakettle, for example — that we cannot 
see anything coming from it. We also observe that some materials 
— metals, wood, stone, for example — do not transmit radiation 
perceptibly, that is, they are opaque to it, while others such as glass 
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and water are relatively transparent, and we have already referred to 
the fact that a polished metal reflects radiation. 

If a body A (Fig. 230) is enclosed in a cooler one B (protected from 
external heat loss), with the intervening air removed, it will be ob¬ 
served that A will fall and B rise in tempera¬ 
ture until a steady state of equilibrium is 
reached at some intermediate temperature. 

When equilibrium is attained, it must be true 
that, on the whole, no radiation passes from 
A to B or from B to A. However, since we 
know that if a cooler body were substituted 
for B, A would immediately appear to radiate, 
it is more reasonable to assume that in detail 
even in a steady state A and B are exchang¬ 
ing radiation , but in equal amounts. Of the 
, radiation which leaves B and reaches A some will be absorbed and 
some reflected, and similarly for that reaching B. When equilibrium 
is established the amount absorbed by each must equal the amount 
each emits. 

If the difference in temperature between A and B is not more 
than 15° or 20° C. the rate of transfer of energy by radiation be¬ 
tween A and B will be approximately proportional to their tempera¬ 
ture difference, i.e., 

rate of energy loss from A = C(tA — te) 

where C is a constant which is proportional to the area of A and 
depends very much on the condition of its surface. This relation 
is known as Newton’s law of cooling and it is useful in many prac¬ 
tical problems. 

We shall have more to say about the nature of radiation in the 
section on light. Here we shall say only that it can best be described 
as a mixture of waves of different length which are emitted by radi¬ 
ating bodies. Of these waves those whose lengths lie between 
.00039 mm. and .00075 mm. affect the eye and are called visible 
radiation or light. Waves longer than this are called infrared, 
shorter waves are called ultraviolet. It is possible, by methods 
which will be described later, to analyze the radiation from any 
body and determine the energy radiated in different wave lengths. 
In this way it is found that the distribution among different wave 
lengths of the energy in the radiation from solid radiators can be 
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represented by curves similar to those in Fig. 231, where the wave 
lengths and corresponding energies are used as coordinates (see also 
Fig. 520). These curves show that for extremely long and short 

wave lengths the energy be- 
250 p—| comes vanishingly small, but 

— L] -rises to a maximum at some 

\ c -i 523 °c. intermediate wave length. 

200 tt* - As the temperature of the 

_1-radiating body is raised the 

\ radiation of all wave lengths 

iso r increases, but the maximum 

£?_A_of the emission shifts to 

0) ' 

j§ 1 shorter wave lengths. At 

“o T low temperatures the radia- 

_\_ : _tion contains practically 

\ nothing but the long infrared 

go —l -r waves, while at about 600° C. 

/_\_enough visible red is emitted 

/jt i3ib ! le to affect the eye, such a tern- 

o'-frj— ^ —iio perature being called a dull 

Wave Length in Microns (0.001 ram.) red heat. 

Fig. 231. — Radiation of a “Black Body” Different substances differ 
at Two Temperatures considerably as regards the 

energy distribution in their radiation but more as regards the total 
amount emitted, per unit area, at any given temperature. The ra¬ 
diation from opaque solids 

comes almost entirely from ^(SivanomehJHr gcreen 

the surface, and whether they k\ 

are rough or polished has a gy-Thermopiie I /source 

large effect on the amount of t (1) Go i d plated \ I / 

radiation. This may be Radiatlon ( 2 ) Rough copper \ / 

, . r 7 . , , _1 (3) Sooted copper L 

shown by Leslie s cube , a cop- 2 

per box having one side gold —y 

plated and polished, one ^ 

roughened With sandpaper Kg . m !. Experiment to Show that the Best 
and One lightly coated with Emitting Surface Is the Poorest Reflector 
soot. If the box is filled with 

boiling water, and the radiation from one side at a time allowed to 
fall on a thermopile (see Sect. 172) connected to a galvanometer, as 
shown in Fig. 232 (a), it will be found that the radiation from the 
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Fig. 232 . — Experiment to Show that the Best 
Emitting Surface Is the Poorest Reflector 
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gold produces the least deflection of the galvanometer, the rough 
copper next, and the sooted surface the largest. The same sur¬ 
faces (cold) can be used to reflect radiation, Fig. 232 (6), from 
another source to the thermopile, and it will be found that the best 
emitting surface is the poorest reflector and vice versa. But if the 
radiation is not reflected, to be consistent with the law of conserva¬ 
tion of energy, it must be absorbed. Experiments of this sort as 
well as certain theoretical considerations lead to the generalization 
that good absorbers are proportionately good radiators. Thus when 
we wish to reduce radiation to a minimum we use polished metal sur¬ 
faces, as is done in many heating utensils and on the inside walls 
of glass vacuum vessels. The silver coating on the inner flask 
(Fig. 228) reduces its absorbing power while that on the outer flask 
reduces its emissive power. 

205. Radiation and Temperature. As has been said, the radiation 
from various materials depends very much upon the state of the 
surface, as. for example upon the oxidation of a metal, and it is 
therefore difficult to repro¬ 
duce a surface having a cer¬ 
tain radiating power. Fur¬ 
thermore no general law has 
yet been found connecting 
the radiation of different 
substances with their temper- f ig . 233 . Furnace Designed as a Perfect 
ature. But it is easy to con- Radiator 

struct a radiator whose 

emission is entirely independent of the nature of the surface and de¬ 
pendent only on the temperature. To accomplish this it is only 
necessary to form an enclosure or box whose walls can be heated to a 
uniform temperature and provided with an opening on one side 
through which radiation can escape. One arrangement for accom¬ 
plishing this is shown in Fig. 233, the source of radiation being the 
central compartment in a porcelain tube which is wrapped with wire 
on the outside and heated electrically. A radiator such as this whose 
emission is independent of the nature of the surrounding walls and 
dependent only on the temperature is called a perfect radiator or a 
“black body,” and it has been shown experimentally as well as 
theoretically that the total radiation E, of all wave lengths emitted 
per cm. 2 of aperture, varies as the fourth power of the absolute tem¬ 
perature, that is, e = jT 4 
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a being a proportionality constant. This is the Stefan-Boltzmann 
law of total radiation. 

The fact that the emission from such an enclosure is the same 
whatever the material of the walls is a very striking thing, and sug¬ 
gests that the emission must be determined by some very funda¬ 
mental characteristic of all matter. Experiment shows that if E\ 
is the energy emitted of a particular wave length X from a perfect 
radiator at temperature T , then 

Ex = CA-% w 


for visible and near infrared wave lengths, C\ and C 2 being constants. 
Experimental results which verify this equation are shown in Fig. 231. 
In deriving the above expression, and also a more complete form of 
it, from theoretical considerations Planck in 1900 was led to intro¬ 
duce the entirely new hypothesis that emission and absorption of 
radiation takes place discontinuously, energy being taken in and 
given out in packets, called quanta. The amount of energy in each 
quantum was assumed to be inversely proportional to the wave 
length. That is, 

Q 

Quantum of energy ~ h- 
"X 

where h is a constant, c is the velocity of light, and X is the wave 
length of the radiation being emitted or absorbed. This hypothesis 
has proved of far-reaching importance, and will be discussed further 
in the chapters on Light and Atomic Structure. 

206. Radiation Pyrometers. The laws of total and partial radia¬ 
tion just stated form the basis of most measurements of hig h tern- 
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Fig. 234. — Optical Pyrometer Arranged to Measure Furnace Temperatures 



peratures, from 1000° C. up, and more particularly above 1600° C. 
where neither thermocouples nor gas thermometers can be used. A. 
closed metal or porcelain or carbon tube thrust into a furnace or 
other body whose temperature is desired makes a fairly good perfect 
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radiator , and by examining the radiation coming from the inner end 
of such a tube and applying the radiation laws, the temperature of 
the furnace can be determined. By means of a device such as is 
illustrated in Fig. 234 the image of the hot furnace may be super¬ 
posed on the filament of the lamp L and the brightness of this fila¬ 
ment can be adjusted by changing the current until the two are 
equally bright. When the apparatus has been properly calibrated, 
we can determine the temperature of the furnace by reading the 
current necessary to produce equality of brightness. 


CHANGE OF STATE 

207. Water furnishes the most common illustration of the exist¬ 
ence of the same substance in the solid, liquid, and gaseous states, 
and of the general truth that to change from the solid to the liquid 
or the liquid to the gaseous states requires the addition of energy, 
usually added in the form of heat. The change from the solid to 
the liquid is called melting or fusion, that in the reverse direction 
freezing or solidification, while the change from the liquid to the gas 
is called vaporization and the reverse change liquefaction or conden¬ 
sation. It is also possible for matter to pass directly from the solid 
to the gaseous state, called sublimation or evaporation, as illustrated 
by the disappearance of snow in intensely cold, dry weather. 

Experiment shows that a melting solid and its liquid just after 
melting are at the same temperature; hence from what has been 
said about the proportionality of molecular kinetic energy to tem¬ 
perature, we conclude that the energy added to produce melting 
could not have gone into molecular kinetic energy-but must have 
gone into increasing the mutual potential energy of the molecules. 
Similar considerations hold for the change from a liquid to a gas so 
that we can think of the molecules of a solid as having settled down 
to an arrangement of minimum potential energy, the liquid state 
being characterized by greater potential energy, and the vapor 
state by still greater. In addition to the change of internal po¬ 
tential energy which occurs on melting or vaporization we must also 
consider the possibility of external work being done if, as is always the 
case, the volume of a unit mass of the substance is different in the 
two states. 

208. Fusion. If the volume per unit mass, called the specific 
volume v , of a substance increases on melting, the surface of the sub- 
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stance must be pushed out against the external pressure p during 
the process of fusion, as indicated in Fig. 235. Thus external work 
must be done, and the energy added to produce fusion must supply 
this as well as the increase in internal energy. An increase in the 
external pressure will increase the amount of external 
work required, making fusion more difficult, and 
hence it is not surprising that a higher temperature 
will be required to produce melting. On the other 
hand if Vi is less than v s the outside pressure will 
aid fusion, and the melting point will be lowered by 
increase in pressure. This is the case with water 
since, as is shown by the floating of ice on water, 
Vm is greater than v water . 

FI Dom b _ B° rk The lowering of the meltin S Point of ice with in- 
Which "Expands crease d pressure gives rise to the phenomenon of 
as It Melts. regelation, i.e., melting under pressure and refreez¬ 
ing when the pressure is released, without any change 
in temperature. This action is partly responsible for the ability of 
glaciers to flow down a rough rocky valley, and for the packing of 
snowballs when the temperature is 
only slightly below 0° C. Regelation 
may be very prettily demonstrated 
by hanging a weight by a wire or cord 
looped around a block of ice. Where 
the ice is under pressure the melting 
point will be lowered so that the ice 
will melt at the existing temperature 
(about 0° C.) and the wire can fall a 
little. The water flows around the 
wire and is refrozen on the upper side 
liberating the heat of fusion (see 
below) which will be conducted back 
through the wire and absorbed in the 
process of fusing more ice below. 

Figure 236 shows a wire in process of 
passing through a block of ice in this manner. Because it is a poor 
conductor a cord will pass down through the ice less rapidly than a 

™* e ' , AT fact that lce a PP ear s more slippery to a skater when it is 
close to the freezing point than when it is much colder, illustrates the 
same phenomenon, since the ice can (at about 0° C.) actually melt 



Fig. 236. — Kegelation 
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under the pressure of the skate blade and the film of water under the 
blade will act as a lubricant and facilitate sliding. 

Most substances contract on freezing, the solid sinking in the 
liquid, but some metals and alloys such as type metal expand, and 
this is a valuable property as such metals give a particularly sharp 
impression of the mold when cast. At a fixed pressure pure sub¬ 
stances have very definite melting points, which, once they have 
been measured, furnish very useful and easily reproduceable fixed 
'points for the calibration of thermometers and other temperature 
measuring instruments. Table XVI gives the melting points of 
some common substances under 1 atmosphere pressure. In general 
solidification starts immediately when one attempts to cool a liquid 
below its freezing point, but under certain circumstances (freedom 
from mechanical jars and absence of the least trace of the solid) it 
is possible to cool a liquid a considerable amount below its freezing 
point. Solidification when it does occur will then be almost in¬ 
stantaneous throughout the entire mass, the undercooled liquid 
having been in a state of unstable equilibrium, ready to “tumble” 
into the solid state of lower potential energy as soon as the change 
starts. 


TABLE XVI 


Melting Points and Heats of Fusion 


Substance 

Alcohol, ethyl. . 
Carbon dioxide. 

Copper. 

Gold. 

Helium. 

Hydrogen. 

Ice. 

Iron. 

Lead. 

Mercury. 

Oxygen. 

Platinum. 

Quartz (softens) 

Silver. 

Tin. 

Tungsten. 


Melting Point 

Heat of Fjjsion 

(°C.) 

(cal./gm.) 

-130 

-57 

1083 

42 

1063.0 

15.9 

< -272.2 

-259 

14 

0° C. 

80.02 

1530 

49.3 

327 

5.86 

-38.87 

2.82 

-218 

3.33 

1755 

27.2 

above 1300 

960 

25.9 

231.89 

14.4 

3370 

1.07 


Besides the temperature at which fusion occurs, the quantity of 
heat required per gram to produce fusion, called the heat of fusion, 
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is an important characteristic of matter. Heats of fusion, some of 
which are given in Table XVI, are commonly measured by a modi¬ 
fication of the method of mixtures or by a method in which the 
required energy is supplied by an electric current and measured with 
electrical instruments. A mixture of the solid and liquid states of 
a pure substance will maintain itself at a fixed temperature — for 
if heat is added it will be absorbed in liquefying some of the solid, 
and if heat is taken away it will be replaced by the heat of fusion 
liberated by further freezing of the liquid. 

209. Vaporization. From the molecular standpoint vaporization 
consists in the flying off of molecules from the liquid surface against 
the forces of molecular attraction. This process will go on at all 
temperatures at which the liquid can exist. If we put a liquid in 
the bottom of a vessel and exhaust the air from the space above it 
(Fig. 237), molecules will leave the surface and gradually accumulate 

in the space above until the number which 
return to the surface in any time is just 
equal to the number leaving. When this 
equilibrium is reached the vapor is said to 
be saturated, and the pressure of such a 
vapor, measured with a mercury or other 
manometer, is called the saturated vapor 
pressure or vapor tension. The saturated 
vapor pressure of any material is found to 
depend only on the temperature. Only the 
molecules of higher kinetic energy will be 
able to escape from the liquid against the surface forces of attraction, 
and hence these will carry off more than the average molecular kinetic 
energy. Thus the average molecular kinetic energy of the remaining 
liquid will be decreased, i.e., the liquid will be cooled by evaporation 
unless heat is supplied to make up for this loss. For example, by 
placing water in a highly exhausted vessel, protecting from access of 
external heat, and absorbing the vapor in concentrated sulphuric 
acid so that rapid evaporation goes on, the remaining water will cool 
rapidly and will shortly freeze. 

If we have a liquid and its vapor enclosed in a cylinder with a 
movable piston as in Fig. 238 and we move the piston outward so 
as to increase the volume, more liquid will be vaporized until all 
the volume is again filled with saturated vapor. If we continue to 
increase the volume beyond the point where all the liquid is vaporized, 



Fig. 237. — Equilibrium State 
between a Liquid and Its Vapor 
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the vapor will no longer be saturated and the pressure, at the con¬ 
stant temperature t, will fall. On the other hand if we reduce the 
volume from its original value by moving the piston inward some 
vapor will be condensed, but the pressure will remain constant as 
long as the temperature is constant. While we have described 
these experiments as being carried out with only vapor in the space 
above the liquid, it is found that the presence of an inert gas has no 
influence on the saturated vapor pressure, though it 
does retard the speed with which equilibrium is 
reached. Thus while we speak of air saturated with 
water vapor, it is really the vapor alone which is 
saturated. 

Table XVII gives the vapor tension and density of 
saturated vapor for water at several temperatures. 

The degree of approach to saturation of the water 
vapor in the atmosphere determines what is called 
the humidity of the air, which is a very important 
factor in climate, for it determines the rate of evaporation from water 
or from moist surfaces such as that of the human body. Since evapo¬ 
ration cools the surface from which it is taking place, the body surface 
will be cooler in dry air, when evaporation will be rapid, than in moist 
air, though the temperature of the air is the same in the two cases. 
Hence a given summer temperature is less oppressive in a dry climate 
than in a moist one. The condition of the atmosphere as regards 
moisture is conveniently expressed in terms of the relative humidity, 
which is the ratio of the mass of water vapor actually present in 
any volume to the amount needed for saturation at the same tem¬ 
perature. 

TABLE XVII 

Vapor Tension and Density op Saturated Water Vapor at 
Various Temperatures 


Temperature Vapor Tension Density of Saturated 

(°C.) (cm. of Hg at 0° C.) Vapor (gm./cm. 3 ) 

0.4579 4.85 X 10~ 6 

20. 1.751 17.30 X 10" 6 

40. 5.513 51.1 X 10" 6 

60. 14.919 1.305 X 10“ 4 

80. 35.51 2.938 X 10" 4 

100. 76.00 5.98 X 10" 4 

120. 148.89 11.22 X 10" 4 

150. 356.87 25.50 X 10" 4 



Saturated ^ 
Vapor ^ 


Fig. 238 
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210. Boiling Point, A liquid is said to boil when bubbles of 
saturated vapor are produced in the volume of the liquid, and this 
can happen only if the saturated vapor pressure is equal to the 
external pressure on the surface of the liquid. Hence the boiling 
point of a liquid is the temperature at which its saturated vapor pressure 
is equal to the atmospheric pressure on the surface. Evidently the 
higher the external pressure the higher will be the boiling point, so 
that in stating a boiling point the pressure must always be specified 
also. Since there is a considerable increase in volume on vaporiza¬ 
tion, the external work (Sect. 195) which has to be done is consider¬ 
able and therefore changes of pressure produce very considerable 
changes in boiling points, as shown in Table XVIII for water. Ob¬ 
servations of the boiling point of water on mountain tops are some¬ 
times used instead of a barometer to determine the atmospheric 
pressure, from which the altitude can be roughly determined. At 
high altitudes eggs cannot be properly cooked in boiling water. 

TABLE XVIII 

Boiling Temperature of Water at Various Pressures 
Pressure in cm. of mercury at 0° C., temperatures in degrees C. 


Pressure 

Temperature 

Pressure 

Temperature 

70.0 

97.71 

77.0 

100.37 

72.0 

98.49 

78.0 

100.73 

74.0 

99.26 

80.0 

101.44 

75.0 

99.63 

90.0 

104.79 

76.0 

100.00 

100.0 

107.86 


The formation of vapor bubbles in the liquid is facilitated by points 
or sharp edges, and in a perfectly smooth vessel it is possible to super¬ 
heat a liquid and have violent and irregular boiling. 

The intermittent eruption of a geyser, which can very easily be 
reproduced in the laboratory, is due to the change of boiling point 
with pressure and to the shape of the cavity containing the water. 
Water at A (Fig. 239) being under the additional pressure of the 
water column A B must be heated considerably above 100° C. before 
vapor bubbles can form. When they do form the column is lifted, 
but since the expelled water spreads into the pool B the pressure is 
immediately relieved and violent boiling takes place. After an 
eruption the cooled water runs back into the cavity and some time 
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is required to reheat it. In the laboratory model geyser shown in 
Fig. 240 the conical vertical tube takes the place of the more or 
less vertical subterranean passage and the shallow pan takes the 
place of the surface pool. If initially filled to a little above the top 
of the tube and heated from below as indicated, such a geyser will 
erupt periodically, and the period which depends upon the size and 



the rate of heating can conveniently be fixed at from five to fifty 
minutes. 

211. Heat of Vaporization. Heats of vaporization are usually de¬ 
termined by condensing dry vapor in a calorimeter, measuring the 
rise in temperature produced, and weighing the condensed vapor, 
thus obtaining the number of calories required to change 1 gram of a 
substance from a liquid at a certain temperature to a vapor at the 
same temperature, at a specified pressure. The heat of vaporiza¬ 
tion decreases with increase in temperature, becoming zero at a 
certain temperature called the critical temperature. This tempera¬ 
ture, characteristic of each substance, will be further discussed in 
Sect. 215. 

It is the heat of vaporization which is chiefly utilized in heating 
by steam, which gives up its heat of vaporization when it condenses 
in the radiators. 
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TABLE XIX 
Heats op Vaporization 

Heats of vaporization given in calories per gram at the normal boiling point (pressure 
of 76 cm. of Hg) except for those substances which are starred (*). 

Substance 

Ammonia* (NH 3 ). 

Carbon dioxide* (C0 2 ). . 

Carbon disulphide (CS 2 ) 

Ether, ethyl. 

Mercury. 

Nitrogen. 

Oxygen. 

Sulphur dioxide* (S0 2 ). 

Water.. 

212. Latent Heat of Vaporization. For the accurate determina¬ 
tion of the latent heat of vaporization the method of continuous flow- 

may be used, as illustrated 
in Fig. 241 and used by 
Awbery and Griffiths. From 
the boiler B, electrically 
Heater heated, a steady stream of 

vapor passes down the cen¬ 
tral tube of the condenser C 
around which flows a steady 
stream of water. As the 
vapor condenses it gives up 
its latent heat to the water 
and also a further amount of 
heat in cooling from its initial 
(boiling) temperature h to 
the temperature of the out¬ 
flowing water, t 2 . The result¬ 
ing rise At in the temperature 
of the stream of water is 
>> h measured by thermocouples 

Fig. 241. —Apparatus of Awbery and Griffiths Of thermometers placed in 

the entering and outgoing 
water at Ti and T 2 . When a steady state has been reached the liquid 
Ml flowing out of the bottom of the condenser tube during a certain 



Temperature 


0 ° 

0 

46.1 

34.5 

357 

-195.6 

-182.9 

0 

100 


Heat of 
Vaporization 
(cal./gm.) 
301.8 
57.48 
83.8 
88.4 
65 

47.65 

50.97 

91.2 

538.7 
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time is weighed, and the mass of water M w flowing around the con¬ 
denser tube during the same time is also determined by weighing. If 
the mean specific heat of the condensed liquid over the range U to t 2 is s, 
and the latent heat to be determined is represented by L, then con¬ 
servation of energy is expressed by the equation 

M w At = M l [L + s(k - h)] 

If s is known, or determined by a separate experiment, L can be 
computed from the above equation. The advantage of this arrange¬ 
ment of apparatus is that loss of heat by radiation from the con¬ 
densed liquid is almost completely prevented by the double layer of 
water around the condenser tube. 

213. Sublimation. This, the direct change from the solid to the 
vapor state, is very easily observable with camphor. If lumps of 
camphor are put in a bottle different parts of which are at slightly 
different temperatures, it will evaporate rather rapidly from the 
warmer parts and condense on the colder surfaces. At any tem¬ 
perature there is a definite saturated vapor pressure at which the 
solid and the vapor will be in equilibrium, and this equilibrium pres¬ 
sure increases with the temperature. There is also a definite heat 
of sublimation which must be sup¬ 
plied to change a unit mass of the 
solid into the vapor. 

214., Equilibrium Diagram. We 
have considered three cases of 
equilibrium between two states of 
the same substance, namely, solid 
and liquid, liquid and vapor, 
vapor and solid, and have said that 
in each case the temperature of 
equilibrium depends upon the 
pressure. These facts can be most 
conveniently summarized in the 
form of a diagram using as coordi¬ 
nates of the points the pressures 
and the corresponding temperatures of equilibrium. The equilibrium 
points for the three cases form three lines which are shown for 
the particular case of water in Fig. 242. On this diagram curve I 
shows the lowering of the freezing point with increased pressure, 
curve II shows the raising of the boiling point with increased pressure, 



Temperature 

Fig. 242. — Equilibrium Diagram 
for Water 
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and curve III the raising of the sublimation point as pressure in¬ 
creases. It can be shown that for all substances these three curves 
meet in a point. Each point on such a diagram determines a pres¬ 
sure and temperature at which water substance can exist and be 
stable. For any p and i in the upper left-hand area it will be all 
ice, in the next area all liquid, and in the third all vapor. If heated 
at one atmosphere pressure it would pass through the conditions 
represented by the line A A 3 , melting at 0° C. occurring at Ai and 
vaporization at 100° C. at A 2 . Beyond A 2 the vapor would be 
superheated , as it is called. 

215. The Critical Temperature. If a glass tube were filled about 
two-thirds full of liquid alcohol, the remaining part with alcohol 
vapor, the tube sealed off and then slowly heated, it would be found 
that the boundary between liquid and vapor, the meniscus, while 
it remained stationary in the tube would become flatter at higher 
temperatures and disappear entirely at 243° C. Above this point 
the liquid and vapor would be visually indistinguishable, the den¬ 
sity of the liquid having decreased with rising temperature, and 
that of the saturated vapor having increased until they become equal 
at 243° C. This experiment, which is a dangerous one on account 
of possible explosions, was performed in 1822 by Caignard de la Tour, 
and more elaborate experiments on carbon dioxide were carried out 

TABLE XX 

Critical Constants for Gases 


Substance Critical Temper- Critical Pressure 

ature (°C.) (atmospheres) 

Argon. -122 48 

Alcohol, ethyl. 243.1 63.1 

Ammonia. 132.4 111.5 

Carbon dioxide. 31.1 73 

Ether.:.. 193.8 35.5 

Helium. -267.9 2.26 

Hydrogen. -239.9 12.8 

Nitrogen. -147.1 33.5 

Oxygen. -118.8 49.7 

Water. 374 217.7 


by Andrews in 1869. The temperature at which the liquid and 
vapor densities of a substance become equal is called the critical 
temperature, and the pressure of the saturated vapor at this tempera¬ 
ture is the critical pressure. If any vapor is kept above its critical 
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temperature it will never develop a meniscus no matter how much 
it is compressed, that is, it will never appear to be liquefied though 
it may become as dense and as incompressible as is the liquid at 
lower temperatures. 

216. Liquefaction of Gases. Before the existence of a critical tem¬ 
perature had been demonstrated the gases oxygen, hydrogen, and 
nitrogen were called permanent because all efforts to liquefy them 
had failed. Andrews* work made it seem probable that extremely 
low temperatures below the critical temperature, then unknown, of 
these gases would be necessary before liquefaction could be accom¬ 
plished, and such has proved to be the case. We can only outline 
briefly the chief methods used for obtaining low temperatures, for 
whatever purpose they are desired. By the use of extremely low 
temperatures and high pressures all known gases have been liquefied. 

1: Chemical method , which involves the use of substances which 
in combining or in dissolving one in the other absorb heat. The 
lowest temperature attained is about —82° C. 

2. Evaporation method , illustrated in Fig. 243, as applied in the 
carbon dioxide refrigeration process. In this process, a compressor 
takes in carbon dioxide 
vapor from the evapora¬ 
tion chamber, compresses 
it, and passes it through a 
cooling coil where the heat 
generated by compression 
and the heat of vaporiza¬ 
tion passes out to the cool¬ 
ing water and the carbon ^ , TN . ^ ,. 

n i Tj Fig. 243. — Simple Carbon Dioxide Refrigeration 
dioxide is liquefied. It System 

passes from here as a 

liquid into the evaporation coils where it escapes through a small 
opening and evaporates. The evaporating chamber is surrounded 
by the material to be cooled, the cooling being due to the absorp¬ 
tion of the heat necessary to evaporate the carbon dioxide. Thus 
the carbon dioxide absorbs heat in the evaporating chamber and 
this heat plus the work done on it by the compressor is given out 
in the cooling chamber. Other substances than C0 2 , such as am¬ 
monia or S0 2 , can be used in a similar way, the latter being very 
commonly used in small domestic refrigerating units which operate 
on this principle. 
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3. Regenerative expansion. In this method (Fig. 244), which is 
most commonly used to attain extremely low temperatures and 
liquefy air, the air is compressed to about 200 atmospheres pressure, 
cooled at constant pressure by a secondary cooling system such as 
a C0 2 evaporation method, and then allowed to expand through a 
needle valve down to atmospheric pressure. In such an expansion 
the air does both external work against the pressure of the atmosphere 
and internal work against the forces of molecular attraction, since 

the distance between mole¬ 
cules is greatly increased 
when expansion occurs, 
and it is therefore cooled. 
The cooled expanded gas 
is carried back through the 
interchanger in contact 
with the walls of the cop¬ 
per tube through which 
the high pressure gas is 
approaching the valve; 
thus the high pressure gas 
is cooled before expansion 
and will reach a still lower 
temperature after expan¬ 
sion. There should be 
ample contact, through the tube wall, between the high and low 
pressure gas and the interchanger should be protected from gain 
of heat from the outside, as shown in Fig. 244. If this is done the 
temperature of the gas after expansion will gradually fall until some 
of it condenses to a liquid at atmospheric pressure and falls to the 
bottom of the vessel whence it can be drawn off. 

Liquid air is a mixture composed chiefly of liquid oxygen and 
liquid nitrogen, its temperature under atmospheric pressure being 
about —195° C. when fresh, gradually rising to —184° C. as the 
nitrogen boils away. It maintains itself at these low temperatures 
by gradually boiling away at a speed dependent on the extent to 
which it is protected from access of heat from the outside. By 
using Dewar flasks (Sect. 203), it may be kept for several days. 
If it were confined in a strong steel vessel and allowed to come 
to room temperature it would be much above its critical tempera¬ 
ture and could not be handled as a liquid. 


Air Return, (1 at. 



Warm air 
(200 at.) CO £ Cooling Unit 


Fig. 244. — Liquid Air Produced by Expansion 
with Regeneration 



THE CONVERSION OF HEAT INTO WORK 


263 


By using liquid air as a preliminary cooling agent hydrogen has 
been liquefied by this same process, and by using liquid hydrogen 
as a second preliminary cooling agent, helium has also been liquefied. 
Very low temperatures have been obtained by boiling helium under 
reduced pressure, a process similar to the freezing of water by 
evaporation (Sect. 209). The most important work of this kind has 
been done at the University of Leiden, Holland, the temperatures 
being measured by a gas thermometer containing helium at such a 
low pressure that it behaves very nearly like a perfect gas even at 
these temperatures. It does not always happen that a gas is cooled 
by expansion through an orifice, as has been described in the case 
of air. For example hydrogen and helium when expanded in this 
way at ordinary temperatures are heated, because the external work, 
determined by the initial and final values of the product PV of the 
gas, is in this case done on the gas and is sufficient to more than 
counterbalance the cooling due to the internal work of expansion. 
Hence as mentioned above, in order to liquefy hydrogen by the re¬ 
generative expansion method it is necessary to cool the gas by some 
other method until it is below the so-called inversion temperature 
(about —80° C. for H) before it is expanded and sent through the 
regenerator. The lowest attained temperatures (less than 0.05° K.) 
have recently been reached at Leiden by pre-cooling a magnetized 
salt and then suddenly demagnetizing it. 

THERMODYNAMICS 

217. The Conversion of Heat into Work. We have already dis¬ 
cussed (Sect. 189) the transformation of work into heat, and ex¬ 
plained how the mechanical equivalent of a calorie of heat has been 
determined. We saw that it is possible to completely transform a 
given amount of mechanical energy into heat by utilizing in one way 
or another the forces of friction which always oppose the mass motion 
of bodies and always result in the generation of heat, or energy of 
molecular motion. Thus there is a natural tendency for heat to be 
produced at the cost of mechanical energy. There are also natural 
processes which act in the opposite direction, converting heat into 
mechanical energy, of which the greatest is the effect of absorbed 
solar radiation in vaporizing water from land and sea and, through 
the action of the winds whose energy of mass motion also comes from 
the absorption of the sun’s rays, lifting the vapor to great heights 
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against the force of gravity. When condensed and deposited on the 
highlands as rain or snow, this water has considerably increased 
gravitational potential energy, compared to what it had at sea level. 
If the water is allowed to run downhill to the sea in the natural way 
most of this increase in potential energy will be converted first into 
kinetic energy of mass motion and then, by churning and splashing 
over falls and through rapids, into molecular motion or heat. 

But if the water is made to operate turbines, or other less efficient 
forms of water wheels, some of the potential energy can be converted 
into electrical or mechanical energy useful to mankind. Thus by an 
elaborate combination of natural and human processes some of the 
original solar energy is finally converted to usable forms. The only 
other large supply of energy is in fuels, which furnish heat energy 
when burned; and the problem of converting this heat into useful 
mechanical and electrical energy is one of the largest undertakings of 
mankind, the development of which within the past one hundred and 
fifty years has revolutionized western civilization. But while the 
conversion of work into heat, which man does not often wish to do, 
can be easily and completely accomplished, the reverse change from 
heat into work is much more difficult and can be only imperfectly 
accomplished. That is to say, of a given amount of heat energy, 
obtained from the combustion of fuel, at best less than 40 per cent 
can be converted into useful mechanical work, the rest being “lost” 
as unusable heat energy during the process. The transformation of 
heat energy, or better the potential chemical energy of fuels, directly 
into electrical energy would be a great advance if it could be done 
on a large scale, but this has so far proved impracticable. The first 
step, whatever may be the ultimate use of the power, is always the 
conversion of heat into mechanical energy, and the law which governs 
this change and effectively determines how complete a given trans¬ 
formation may be made, is of fundamental practical importance. 

218. The Second Law of Thermodynamics. This law, which ap¬ 
plies not only to man-made engines designed to transform heat into 
work but to natural processes as well, is called the Second Law of 
Thermodynamics and is a generalization from experience which may 
be stated in several equivalent forms of which the two earliest are 
the clearest for our use. 

It is impossible for a self-acting machine to convey heat from one body to 
another at a higher temperature . Clausius, 1850. 
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It is impossible by means of any continuous inanimate agency to derive 
mechanical work from any portion of matter by cooling it below the lowest 
temperatures of its surroundings . Kelvin, 1851. 

By “ self-acting machine” is to be understood one which will run 
itself, without any supply of energy from outside. To convey heat 
from one body to another at a higher temperature is the primary 
purpose of a refrigerating machine such as many houses are supplied 
with nowadays, which transfers heat from the inside cold space to the 
warm surroundings. Thus the Clausius form of the law is equivalent 
to the statement that power is required to operate a refrigerator , which 
is certainly in accord with everyone’s experience. The natural 
processes of conduction, convection, and radiation always result in 
the passage of heat from a warmer to a cooler body and in order to 
continuously transfer heat in the opposite direction we must continu¬ 
ously supply mechanical work. 

On the other hand, we know that bodies at ordinary temperatures, 
for example the large mass of water in a lake, contain large amounts 
of heat energy which would be very valuable if it could be transformed 
into mechanical work. The Kelvin statement of the law says that 
we cannot continuously transform such heat energy into work unless 
other bodies are available which are cooler than the body from which 
we propose to take the heat energy. The truth of this form is not so 
apparent from ordinary experience, but will be clear later. 

The second law cannot be proved directly, but should be considered 
as a fundamental assumption or hypothesis, to be used until experi¬ 
ence brings to light a case in which it does not hold. No such case 
has ever been found. 

219. Isothermal and Adiabatic Expansions. Before discussing some 
important deductions from the second law we must discuss a little 
further the conversion of heat into 
work (and vice versa) by the expansion 
or compression of a gas or vapor. 

Consider a gas or vapor confined in 
a cylinder of cross section A by a 
piston, as in Fig. 245. If, as we said in 
Sect. 197, / = Ap, there will be equi¬ 
librium and the volume will not change. If / is kept a little less 
than Ap, the gas will expand and the “condition point” (pv) will 
describe some path on the pv diagram, Fig. 246. If we wish to 
keep t constant during this expansion we must continually add heat 
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to the gas, equivalent to the external and internal work which it is 
doing (Sect. 195), the condition point then describing the isothermal 
curve TV 

If on the other hand we prevent all access of heat to the gas, by 
covering the cylinder and piston with a nonconducting material, 

then the temperature of the gas 
must fall as expansion proceeds, 
since by the First Law the energy 
equivalent to the external and 
internal work of expansion must 
be supplied from some source, 
and the only available source is 
the (heat) energy of molecular 
motion of the gas, which must 
therefore decrease. The condi¬ 
tion point will now describe a 
different path starting at piV h 
which must be steeper than the 
isothermal at T h since it must 
cross the lower isothermals for 
which T is less than TV Such a 
path or curve is called an adiabatic (Greek, “not pass¬ 
able”) and the process which it describes, an adiabatic 
process. If the material in the cylinder is a gas not 
near its liquefying temperature, then, as we have seen, 
the equation of the isothermal curve will be very closely 
pv = RT (for unit mass of gas) — and to the same 
approximation the equation of the adiabatic curve can 
be shown to be pv y = constant where 7 = Sp/s v (for 
the gas). 

If we should begin with the gas in the condition p 2 V 2 T 2 
and compress adiabatically, the temperature of the gas 
would rise, the adiabatic path being traversed in the 
reverse direction. The difference between adiabatic 
and isothermal compression can be very simply illus¬ 
trated with an ordinary bicycle pump. Slow compres¬ 
sion is practically isothermal, while a sudden compression ^^relsyri^^ 
is nearly adiabatic, since the heat equivalent to the 
work done does not have time to escape and the temperature of the 
compressed air rises markedly. A more striking example is the so- 




Fig. 246. — Isothermal and Adiabatic 
Changes of a Gas 




REVERSIBLE PROCESSES 


267 


called “fire syringe/ 5 a heavy-walled glass tube closed at one end and 
with a piston operating through the other (Fig. 247). If a little 
tinder is fastened to the inner end of the piston and the air in the 
cylinder suddenly compressed, its temperature will rise so much that 
the tinder will burst into flame. 

220. Cyclic Operations. A cyclic operation is one in which the 
material undergoing change is finally, at the end of the cycle, brought 
back to its initial condition. Any closed curve on the pv diagram 
(Fig. 248) would represent a cycle of conditions of, say, a confined 
gas. We might begin with the gas . 
in the condition A and pass through p | 

BCD to A again, conveniently called 
the forward or right-hand direction 
of describing the cycle; or we might 
traverse it backwards, ADCBA. 

Now from what has been said 
(Sect. 197) as to the representation 
of work on the pv diagram it should 
be evident that in describing the 
cycle in the right-hand sense the gas 
does work upon the piston during 
the expansion ABC, this work being m ^ Ig Repr f ae J d 

measured by the area ABCC A , by abcda 

while during the compression CD A 

the piston does work upon the gas in amount measured by the shaded 
area ADCC'A'. Therefore during one complete cycle a net amount 
of work, measured by the area ABCDA is done by the gas. Since at 
the end of the cycle the gas is again in its initial condition, the work 
done cannot have come from the internal energy of the gas, and must 
therefore have come from heat conducted into the gas during the 
cycle. In fact, by the First Law (Sect. 192), the work done must just 
equal the net amount of heat which has entered the gas. If the 
cycle were traversed in the left-hand sense, the same amount of 
work, measured by area ABCDA would be done on the gas, and the 
equivalent of this work must have been conducted away from the 
gas during the process. 

221. Reversible Processes. Any change which can be made to 
occur in the reverse sense by very slight changes in the conditions is 
called a reversible change or process. For example, in the case of the 
gas confined in a cylinder by a piston, if the external force on the 
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piston is continually changed so as to keep it always very slightly less 
than the force the gas exerts on the inside of the piston, the gas will 
expand, but if after some expansion has occurred the external force is 
made slightly greater than the internal force, and kept so, the previ¬ 
ous change will be reversed. Such an expansion or compression 

would be reversible. On the 


p \ \ other hand, if with the gas com- 

\ \ pressed, the external force on the 

v _V_piston had been very greatly re- 

\ \ duced, the piston would be pushed 

\ \ violently out and no slight change 

_\J\ _\ 5 in the force acting could reverse 

VV the process. Or if a valve had 

*4 i [\ been opened allowing the com- 

i | NsA n. t pressed gas to blow violently out 

z> 3 -j—[-j--^£ into the atmosphere or into an- 

j i | other exhausted vessel, such 

! ] i changes would be irreversible in 

v x v 4 v 2 v 3 v the sense we have defined. The 

Fig. 249.-The Carnot Cycle same distinction holds for other 

sorts'of changes, such as the con¬ 
duction of heat from one body to another. If there is a considerable 
difference of temperature between the two bodies, the process is irre¬ 
versible. Only when the temperature difference remains extremely 
small (infinitesimal) is the 
process of conduction re¬ 
versible. It should be evi¬ 
dent that strictly reversible p,v ’ ' 

processes are essentially 
slow ones, and that natural 

processes of heat conduc- p IG _ 250. — Diagram of Steps of a Carnot Cycle 
tion and the expansion and 

contraction of portions of the atmosphere are usually irreversible. 

The Carnot Cycle. This is a very simple cycle made up as shown 
in Fig. 249 of two isothermal and two adiabatic changes, carried out 
slowly so that all four are reversible. A diagrammatic arrangement 
for doing this is shown in Fig. 250 where C is a nonconducting cylinder 


with a nonconducting piston working in it and a good-conducting 
bottom; Ri and i B 2 are two reservoirs of heat at the temperatures 
Ti and T%) and $ is a nonconducting stand. Beginning with the 
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cylinder on R x and the contained gas in the condition piViT lf the gas 
is allowed to expand reversibly along the isothermal Ti to p 2 v 2 . Trans¬ 
ferring it then to S (loss of heat during this transfer is imagined zero!) 
it is expanded adiabatically to pzV Z T 2l then transferred to T 2 and 
compressed isothermally to pmTt, and again transferred to S and 
compressed adiabatically to piV%Ti. According to Sect. 220 an 
amount of work W, represented by the area ABCD, is done by the 
gas during this cycle. During the isothermal expansion AB an 
amount of heat Hi must be absorbed from Ri by the gas in order to 
maintain the constant temperature Ti, and an amount of heat H 2 
must be given off by the gas to R 2 during the isothermal compression 
CD for a similar reason. Hence, since no other energy changes occur 
during the cycle we must have according to the First Law, 

W = J(H, - Hi) 

where W is measured in joules and H in calories. 

If the cycle were performed in the reverse sense ADCBA, work 
would have to be done on the gas by an outside agent, in the same 
amount W, and the heat transfer would then be H 2 out of R 2 and H x 
into Ri f and indicating these reversals by a change of sign we would 
then have 

— W = -o 

In the first case (right-hand cycle) this ideal machine would be op¬ 
erating as a heat engine, transforming heat into work; in the second 
case (left-hand cycle) as a refrigerator, transferring heat from a body 
at a low temperature to one at a higher by the expenditure of me¬ 
chanical work from an outside source. In all of this discussion we are 
assuming that friction in the moving parts of this ideal machine is 
negligibly small, and that the changes are carried out slowly so as to 
be reversible. 

222. Efficiency of an Ideal Engine. The efficiency of such an 
engine is defined as the ratio of the work performed to the heat 
energy absorbed per cycle, that is 

r W ffi-ff. 

e = J 7rr~ii^ 

This is a common sense definition, for the purpose of the machine is 
to convert the heat absorbed, H h into mechanical work, which it 
only succeeds in doing to the extent of ffi — Hi, the remainder of 
the heat, Hi, being thrown away into Ri. Obviously perfect effi¬ 
ciency, the conversion of Hi entirely into work, would mean e = 1, 
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and it could only be attained if H 2 = 0. But putting H 2 — 0 means 
that no work would be done in compressing the gas along the lower 
isothermal To, which could only be true if the pressure of the gas were 
zero, and this condition of zero pressure we have (Sect. 169) asso¬ 
ciated with the idea of an absolute zero of temperature. 

223. Efficiency of Different Reversible Engines. Various ideal en¬ 
gines, all using the Carnot cycle, may differ one from another as to 
the gas in the cylinder, and as to the pressures used, but it can be 
shown that, if the Second Law (Sect. 218) is true all reversible ideal 
engines have the same efficiency when operated between the same two 
temperatures, and further that no irreversible engine can have a greater 
efficiency, operating between the same two temperatures . 

This theorem was proposed by the French engineer Carnot before 
the Second Law had been formulated. 

M Proof. Consider any two reversible ideal engines working 
between the temperatures T x and T 2 . Let the engines be connected 
mechanically and of such sizes that the forward-running engine will 
just operate the backward-running one, in which case W = W' 
where W' is the work necessary to operate the reversed engine. 
Further let Hi and H 2 be as before respectively the heat taken in and 
given out by the forward-running engine, and H\ and H\ respectively 
the heats given out and taken in by the other engine. Finally let 
us assume for the moment that the efficiency e of the forward-running 
engine is greater than the efficiency e' of the reversed engine. That is 


also 


e 


Hi — Ho ^ H\ - H ' 2 

> 7i\ = e 


W = Hi - Ho = H\ - H\ = W r 


since this was settled by choosing the sizes of the engines, 
bining (1) and (2) 


( 1 ) 

(2) 

Com- 


or 

and from (2) 


Hi ^ H\ 
Hi < H\ 
H, < H\ 


Hence the net result of operating the two engines is that a quantity 
of heat J 

H'o — Ho = H\ — Hi (from (2)) 

is transferred from the reservoir at the low temperature T 2 to that 
at the higher temperature T h without doing any work , since one engine 
runs the other. This violates the Clausius statement of the Second 
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Law; hence if the latter is true e is not greater than e'. By running 
the e* engine forward and the e engine backward similar reasoning 
shows that e' is not greater than e, hence e = e r necessarily. If 
engine e is irreversible then we can prove exactly as above that e ir 
is not greater than e' m , but we cannot also prove that e' rea is not 
greater than Hence, all we can say as to the efficiency of an 
irreversible engine is that e ir is equal to or less than e rev . Thus we 
have proved Carnot’s theorem on the basis of the Second Law. 

Since all reversible ideal engines are equally efficient, irrespective 
of the gas used, their efficiency can depend only on the temperatures 
between which they operate. This 
conclusion led Lord Kelvin to sug- p 
gest a new scale of temperature. 

224. Thermodynamic Scale of 
Temperature. Consider a reversible 
ideal engine operating between 
100 ° C. and 0° C. along any two 
adiabatic curves as indicated in 
Fig. 251, and let ffioo and H Q be 
respectively the heat taken in at 
the higher and given out at the 
lower temperature. Since the effi¬ 
ciency (ffioo — Ho)/Hm depends, as 
we saw, only on the temperature, so 
also must Him/Hq. Kelvin’s sug¬ 
gestion was that the numbers representing any two temperatures on 
the absolute thermodynamic scale be chosen proportional to the heat 
taken in or given out by a reversible engine working between these 
temperatures. If we call and 62 the thermodynamic measures of 
any two temperatures, then (61/62) = (H1/H2), and for the steam 
point and ice point (Fig. 251) 

#100 
Ho 



Fig. 251. — Thermodynamic Tempera¬ 
ture Scales 


(1) 


To fix the size of the degree it is further agreed that 0ioo and 6 0 shall 
be so chosen that 

0 1OO - 0 O = 100 (2) 


From (1) 
or, using (2) 


Ho 


100 

H 100 — H 0 


(3) 
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For any other temperature we have by definition of the scale 


and using (3) 


6_ _H_ 

do ~ Ho 

do _ 100 H H 

Ho h tfioo - Ho ~ H lm - Ho 
100 


It also follows at once from the definition of efficiency and the 
thermodynamic scale that 

#i - # 2 


Since it is impossible to construct an ideal reversible engine, we 
cannot directly measure temperatures by this means, but it is pos¬ 
sible to compute theoretically from the results of experiments on 
hydrogen that except for extremely low and extremely high tempera¬ 
tures the thermodynamic scale (0) is practically the same as the 
hydrogen scale (T) so that for practical purposes we can say that 



This expression is of great importance in the discussion of real heat 
engines, as will be seen later. 

225. Availability of Heat Energy. The Second Law states that 
in order to convert heat into mechanical work by an engine, we must 
have available bodies at two different temperatures, one to take 
heat out of, and one at a lower temperature to put some of this heat 
into, and we have just seen that the greater the difference between 
these two temperatures the more of the heat taken in can be con¬ 
verted into work. In other words the availability of heat energy for 
conversion into work depends upon having differences of tempera¬ 
ture. The sun is the hottest body and the greatest source of energy 
in the solar system. The fuels-coal, oil, wood, natural gas- 
are the result of chemical changes brought about by absorbed solar 
radiation during past ages, a storing up of this energy. When fuel 
is burned (combined with oxygen) high temperatures can be pro¬ 
duced and some of this stored energy can be converted into work. 
But once the fuel is burned it cannot be remade without the ex- 
penditure of an equal amount of energy, and in such a process there 
would be nothing gained. The natural processes of radiation, con¬ 
duction, and convection all tend to equalize temperatures, and thus 
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render the energy unavailable for conversion into work or for the 
formation of fuels. At present there is no natural process known 
w T hich operates continuously in the other direction — that is to pro¬ 
duce differences of temperature and hence increase the availability of 
the energy. Hence the inference from our present limited knowledge 
would be that the known universe is slowly running down toward a 
condition of uniform temperature and unavailability of energy. 

PRACTICAL HEAT ENGINES 

226. Reciprocating Steam Engine. A simple form of steam en¬ 
gine is shown in Fig. 252. Steam, i.e., water vapor, is used as the 
working substance in the cylinder and the high temperature source 
of heat is the boiler, while in the better class of engines the cooling 



water in the condenser is the body at a lower temperature into which 
the unavailable heat is discharged. Such an engine does not oper¬ 
ate with a Carnot cycle, but instead with a cycle of the general form 
shown schematically in Fig. 253. The processes represented by the 
various parts of this cycle are as follows: 

(1) Water is vaporized in the boiler at the temperature Ti and 
pressure p±, absorbing an amount of heat Li per unit mass, the heat 
of vaporization. 

(2) Steam passes at constant pressure p± and temperature Ti from 
the boiler through the valve a (Fig. 252) into the cylinder as the 
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piston begins its motion to the left. This continues until the piston 
has moved over a portion of its path during which the steam 


A B 



I -I 

! ! _j_ 

F G H V 

Fig. 253. — Ideal Cycle for Steam Engine 


does an amount of work on the 
piston represented by the area 
ABGF in Fig. 253. This part of 
the cycle is isothermal. 

(3) The valve a closes, the 
steam expands, and the pressure 
falls from B to D. At C the 
valve a is opened to the exhaust 
and the pressure falls rapidly from 
C to D which is at the pressure 
maintained in the condenser. 
The work done during this stage 
is BCDHG. 


(4) The piston reverses its motion at D and the remaining steam 
is pushed into the condenser at constant pressure p 2 . During the 
motion from D to E work is done by the engine on the steam, repre¬ 
sented by the area DHFE, and heat of condensation L 2 per unit mass 
is given up to the cooling water at temperature T 2 . (Actually the 
valve a closes just before E 
is reached and the steam 
trapped in the cylinder is 
compressed to about pi.) 

(5) The condensed steam \\ 

is heated at constant vol¬ 
ume F along the path EA spring- 

and admitted to the boiler indicator 

at Ay which requires an ad- {cylinder and piston 
ditional amount of heat H. I— 

With a mechanism called 

a steam engine indicator _ •<--->• 

/•rv . Engine Piston Range of motion 

(rig. 254) an engine can be Engine Cylinder 

made to draw its own cycle, Fig. 254. — Steam Engine Indicator 

called an indicator diagram. 

Such a one is shown in Fig. 255. Since the area ABODE, with 
due regard to the scale of the drawing, represents the work done 
during one cycle in one end of the cylinder, it is possible from such a 
diagram to determine the total work W done by the engine while it is 
using 1 pound of steam. The amount of heat taken in per pound of 
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steam is Li + H, and the ratio W/(Li + H)J (where J is the me¬ 
chanical equivalent of heat) is called the thermal efficiency of the 
engine. This neglects all friction losses in the engine, and the 
highest value it could possibly have would be that belonging to an 
ideal engine working between the same two temperatures, namely 
(Ti — Ti)/T\. The useful work W' obtainable from the engine 
is of course less than W because 
of friction and other losses, and 
W r /{Li + H)J is the total efficiency 
of the engine in converting heat 
into useful work. 

Table XXI gives the total effi¬ 
ciencies which have been obtained 
with several types of engines and 
the best large boilers. Of course 
due to friction and heat losses in real engines their total over-all 
efficiencies are less than their thermal efficiencies. 

The reason for using several cylinders, the entire expansion being 
divided between them (as in triple and quadruple expansion types) 
is chiefly to reduce the range of temperatures which occur during one 
cycle in any one cylinder, thus avoiding much of the condensation and 
reevaporation which otherwise occurs. 

TABLE XXI 

Efficiencies of Various Types of Engines 

Total Efficiency 


Reciprocating steam 

Large. 25% 

Small. 12-14% 

Large steam turbine. 30-35% 

Best efficiency of large boiler. 85-90% 

Ordinary gasoline automobile engine. 20-22% 

Best large gasoline engine. 30-32% 

Large Diesel oil engine. 38% 


(average 30-33% for small units) 

By total efficiency is meant the ratio of the brake hp. delivered to the mechanical 
equivalent of the heat supplied to the engine. Boiler efficiency is the ratio of the 
heat delivered to the engine per lb. of fuel to the heat of combustion of the fuel. The 
“over-all” efficiency of a steam plant is the product of the efficiencies of the engines 
and boilers, that is the brake hp.-hr. per lb. of fuel, divided by the heat of combustion 
of the fuel. 

227. Boiler Efficiency. According to Sect. 199 the heat of com¬ 
bustion of soft coal is about 2.9 X 10 u ergs per gm. or 12,500 B.T.U. 


A B 



Fig. 255. — Indicator Diagram 
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per lb., while from Sect. 36 one horsepower for one hour equals 
2.68 X 10 13 ergs or 1.98 X 10 6 ft.-lb. Since 1 B.T.U. equals 778 
ft.-lb. it follows that 1 lb. of soft coal liberates enough energy to pro¬ 
vide 4.8 hp. for one hour, whereas the best boiler-engine combina¬ 
tion gives only about 1 hp.-hr. per lb. of coal, the inefficiency of the 
engine being largely responsible for this waste. 

228. Recent Improvements. Since the mechanical construction of 
engines has been carried to a high state of perfection, the chief pos¬ 
sibility of improved efficiency lies in the use of a wider range of 
temperatures (Ti to T 2 ). But if saturated steam is used any great 
increase in the initial temperature means a large increase in initial 



Steam 




Fixed Movable Fixed 

(b) 


Fig. 256. — Steam Turbine 

(а) Schematic Diagram 

(б) Arrangement of Fixed and Movable Blades 


pressure (see Sect. 209). Hence the use of superheaters which increase 
the temperature of the steam at constant pressure. 

An entirely different mechanical arrangement called a turbine, re¬ 
placing the cylinder and piston type of construction, has come into 
general use in recent years due to the inventions of Parsons, de Laval 
and Curtiss.. This consists of a casing and a shaft carrying an elab¬ 
orate assemblage of curved blades so arranged that the steam in 
expanding pushes on the movable blades and rotates the shaft. A 
schematic arrangement of this sort is shown in Fig. 256. The sub¬ 
stitution of a rotation for the to-and-fro motion of the older type 
of engine avoids many of the troubles of the latter, and such steam 
turbines are now used almost exclusively for large engines in cases 
where the high speeds of rotation which are necessary with turbines 
are not objectionable. A further development, not yet completely 
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perfected, involves the use of mercury vapor in order to extend the 
temperature range. The pressure of saturated mercury vapor is 
1 atmosphere at 358° C., and 70 pounds at 473° C. As at present 
used, mercury vapor at the latter temperature is allowed to expand 
through a turbine, and then used to vaporize water and superheat 
the steam to 391° C. The superheated steam is passed through 
another turbine to a condenser. The use of mercury vapor involves 
many difficulties. For example, escape of the vapor must be care¬ 
fully prevented both because it is poisonous and because it is too 
costly to lose, but the two units (of about 10,000 hp. each) now op¬ 
erating on this system show a very considerable increase in efficiency 
as compared to steam plants. 

229. Internal Combustion Engines. In these engines the boiler 
and engine are in a sense combined into one unit and the fuel is 
itself the “working substance.” They are of two kinds, those 


.ydb 



Intake 

stroke 

(o) 
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Compression 

stroke 
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Fig. 257. — Four Stages of a Cycle of a Four-C’yele Gasoline Engine 


burning a light fuel such as gasoline, which are most commonly used 
for small power units as in the automobile, and those burning a 
heavy fuel oil, usually of the Diesel type, for large units in the pro¬ 
pulsion of ships or trains. The former, illustrated in Fig. 257, are 
usually of the four-cycle type, that is they require four strokes (two 
revolutions) for each complete cycle of changes in any one cylinder. 
The suction stroke fills the cylinder with a mixture of air and (more 
or less completely) vaporized fuel and this is compressed by the next 
stroke at (or about) the end of which the mixture is ignited by a 
properly timed spark. All the power is generated during the next 
stroke by the pressure upon the piston of the hot gases resulting 
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from the combustion, after which these gases are swept out of the 
cylinder by the fourth stroke. The total efficiency of the best en¬ 
gines of this type is given in Table XXI. 

In the Diesel type which is also four cycle, air alone is com¬ 
pressed, its temperature being thus raised sufficiently to ignite the 
oil v hich is sprayed in at the end of the compression stroke. Com¬ 
bustion is less violent than in gasoline engines and the efficiency is 
higher, as shown in Table XXI. 

230. Refrigerating Machines. As has been indicated, the purpose 
of such machines is the reverse of that of heat engines: work W 
must be used to take an amount of heat H 2 away from the cooler 
body and put an amount Hi into a warmer body, usually the sur¬ 
rounding air or a stream of water. In the case of an ideal Carnot 
cycle engine running “backwards” as a refrigerator we would have: 

— H-i) - W 

and : iE*.. 

W 

Again this is the maximum efficiency which can be obtained for 
given Ti and T 2 ; all real refrigerating engines being less efficient 
than this, because of unavoidable friction and other losses, would 
require more power to transfer a given amount of heat (H 2 ) through 
a given temperature difference. To transfer a quantity of heat H 2 
from a body at temperature T-, to one at a higher temperature T, bv 
an ideal refrigerator, mechanical work must be supplied to the ex¬ 
tent of 

W _ Hi _ Hn(T, - T.) 

J e T, 
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is heated to 100 ° C.? The linear coefficient of expansion of brass is IS.9 X 
10~ e per degree centigrade. (78.77 cm. 2 ) 

5. A clock pendulum is made of invar and has a period of a half a second 
at 20 ° C. If the temperature rises to 30° C., what correction will be neces¬ 
sary at the end of 30 days to the time given by the clock? The coefficient 
of linear expansion of invar is 0.9 X 10 -6 per degree centigrade. 

(Add 11.6 seconds) 

6 . The length of the tungsten filament in an ordinary electric lamp bulb 

is about 42 cm. at 22 ° C. What will its length be when the lamp is lighted, 
if its temperature is 2500° C.? The mean coefficient of linear expansion of 
tungsten is 6.9 X 10 " 6 per degree centigrade. (42.718 cm.) 

7 . A quartz bulb 1 cm. in diameter is blown at the end of a capillary 
tube 1 mm. in internal diameter. If the bulb is just filled with methyl 
alcohol at 0 ° C., how far up the tube will the surface of the alcohol move, 
when the temperature of the bulb is raised to 40° C.? The mean coefficient 
of expansion of alcohol is 122 X 10 -5 per degree centigrade. (3.26 cm.) 

8 . The density of water at 60° C. is 0.9832 and the mean coefficient of 

expansion between 60° and 80° C. is 58.7 X 10~ 5 . The density of aniline 
at 15° C. is 1.023 and its mean coefficient of expansion 15° to 80° C. is 
85 X 10 -5 . At what temperature will the density of aniline be the same as 
that of water? (69.3° C.) 

9 . A glass U-tube contains mercury. One limb is cooled to 0° C. and the 
other heated to 100° C. by steam. If the vertical height of the cold column 
is 52.0 cm. and the difference in level of the mercury in the two areas is 
9.46 mm., find the mean coefficient of cubical expansion of mercury. 

(0.000182) 

10. A quartz bulb is connected to a pressure gauge so as to be used as a 

constant volume thermometer. When the bulb is immersed in ice the 
pressure of the air in the bulb is 76.02 cm. of mercury and when the bulb is 
in a gas oven the pressure registered 145.50 cm. of mercury. What was 
the temperature of the oven in degrees Fahrenheit? (482° F.) 

11 . A centigrade thermometer is desired with a range from — fa 0 to C.; 
the length of the scale between these points is to be Y cm.; the base of the 
stem is to be X mm. in diameter; the coefficient of linear expansion of glass 
is 0.0000080 and the coefficient of absolute expansion of mercury is 0.000182. 
Express the volume of the bulb required in terms of the given quantities. 

(15.87 rx 2 y/ 

12. If a standard mercury barometer, with a brass scale which is correct 

at 0 ° C. reads 765.8 mm. at 20 . 0 ° C., what is the atmospheric pressure 
in bars? Neglect the corrections for capillary and vapor pressure. Abso¬ 
lute coefficient of expansion of Hg = 0.000181 per °C.; g = 980 cm./sec . 2 
Coefficient of linear expansion of brass = 0.0000185 per °C. Density of 
Hg = 13.59 gm./cm . 3 at 0 ° C. (1.016) 

13. Calculate the mean of the squares of the velocities of the molecules 
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in oxygen at 0° C. and 76 cm. of mercury pressure. Density of oxygen is 
1.429 gm. per liter; density of mercury is 13.6 gm./cm. 3 ; g = 980 cm./sec . 2 

(461.2 m./sec.) 

14. What fraction of the volume of a glass vessel at 0° C. should be filled 
with mercury also at 0 ° C. in order that the volume of the empty part should 
remain constant when the whole is heated to any other uniform temperature? 

" Coefficients of cubical expansion of glass and mercury are 0.000025 and 
0.00018 respectively over the range tested. (5/36) 

15. A hollow brass sphere of internal volume 2.0100 liters contains a 

solid iron sphere of volume 2.0000 liters; the temperature is 27.0° C. and 
the remaining space is filled with air at a pressure of 770 mm. of mercury. 
If the temperature is raised to 127.0° C., what approximately will be the 
pressure of the enclosed air? (Take the linear coefficient of expansion of 
brass and iron to be 0.0000200 and 0.0000111 per degree centigrade respec¬ 
tively.) (66.67 cm. of Hg) 

16. Ten pounds of water at 65.0° F. are placed in an iron pail weighing 

4 lb. A block of iron weighing 30 lb. which was heated uniformly through¬ 
out its mass to 180° F. was lowered into the pail of water. The water cov¬ 
ered the iron and the final temperature of the mixture was 94.3° F. Find 
approximately the specific heat of iron, neglecting any loss of heat by radia¬ 
tion, induction, or convection. (0.119) 

17. A bathtub contains 100 lb. of water at 72° C. What weight of cold 

water at 8 ° C. must be added to the bath to reduce the temperature to 
22 ° C., if the water equivalent of the bath is 11 lb.? (396.4 lb.) 

18. Two hundred grams of mercury (specific heat 0.033) at 80° C., 

40 gm. of brass (specific heat 0.095) at 200 ° C., and 10 gm. of water at 18° C. 
are put into a glass beaker weighing 25 gm. at 18° C. What is the tem¬ 
perature of the mixture, neglecting all external losses, if the specific heat 
of glass is 0 . 12 ? (65.0° C.) 

19. Express one British thermal unit in terms of calories. 

(252.00 calories) 

20 . In a determination of the specific heat of air at constant pressure, 

10 gm. of air were first passed through a metal tube, in which the air was 
raised to a temperature of 400° C. It then flowed through a similar coil 
which was immersed in water which was raised from 18.0° C. to 61.0° C. 
If the weight of water and the water equivalent of the coil were together 
equal to 20.20 gm. of water, find the specific heat of air. (0.241) 

21 . A ribbon hangs over a pulley on the axle of an engine which rotates 
1200 R.P.M. If the difference in tension between the two ends of the 
ribbon due to friction is 500 gm., how much heat will be produced in 10 
minutes? The diameter of the pulley is 8.36 cm. and g = 980 cm./sec . 2 

(3696 calories) 

22 . How many calories are produced per minute by an electric hot plate 

which consumes 550 watts? (7900 calories approximately) 
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23. An electric refrigerator requires 8 calories to be removed per second. 
This is accomplished by a motor running continuously which has an effi¬ 
ciency of 90%. What horsepower motor is required? 

(0.0498 or ^ approximately) 

24. The water flowing over Niagara Falls has a sheer drop of about 167 ft. 

If the loss in potential energy were converted into heat at the bottom, how 
much warmer would the water be at the foot of the fall than the water at 
the top? (0.119° C.) 

25. Electric power is generated by water falling through a vertical height 
of 160 ft. An electric stove using 6500 watts is operated by this power. 
If 20% of the energy in the water is lost before being used in the stove, 
how many kilograms of water must flow over per second to run the stove? 

(17.0 kgO 

26. A lead bullet traveling 1200 ft./sec. strikes against a block of dry 

wood and is brought to rest. If one half of the kinetic energy of the bullet 
is transferred into heating the lead, what is the rise in temperature of the 
bullet? Take the specific heat of lead to be 0.030. (266.7° C.) 



CHAPTER X 
MAGNETISM 


231. Introduction. Certain minerals containing iron were found 
long ago to have the property of attracting small pieces of iron and 
when suspended by a thread of taking up a definite direction. The 
Chinese appear to have discovered and used this latter property of 
iron ore in ancient times, and the Crusaders brought back the knowl¬ 
edge of the “leading stone,” or lodestone, to Western Europe. The 
oxide of iron, Fe 3 0 4 , found in Magnesia in Asia Minor, possesses 
this property to a remarkable degree; hence the name magnet was 
given to such minerals, and their peculiar properties are studied 
under the heading of magnetism. Magnetic ores are very widely 
distributed and a splinter of such a mineral, when dipped into a 
dish of iron filings, attracts to itself bunches of the filings, usually 
more intensely at certain points than at others (Fig. 258). When 
suspended by a fine silk thread with little 
torsion, the splinter will be found to take up a 
definite position, so that the line joining the 
places where the filings are most dense points 
approximately north-south. Such pieces of 
magnetic ore are called natural magnets. 

A piece of steel may, by suitable means such 
as being rubbed with a lodestone, have this 
property conferred upon it. Such a magnet¬ 
ized bar is called an artificial magnet, or simply 
a bar magnet. If dipped into iron filings and 
Dipped in iron Filings removed, the pomts where the attraction is 
greatest, as shown by the clusters of filings, will 
appear near the two ends of the bar. These places which are the 
centers of attraction are called the poles of the magnet, and the line 
joining the poles is called its magnetic axis. Sometimes a bar magnet 
is bent into the shape of a letter U, making a “horseshoe magnet.” 
Dr. Gilbert of Colchester (1544-1603), physician to Queen Elizabeth, 
made a thorough investigation of the magnetic properties of various 
substances and the laws governing the action of one magnet on another. 

2S2 
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In 1600 he published the results of his investigations in perhaps the 
first real scientific treatise ever written, called de Magnete. Gilbert 
divided all substances into two main classes, those which could have 
the properties of a magnet conferred upon them, called magnetic, 
and those which could not, nonmagnetic. Iron, nickel, cobalt, and 
certain alloys are strongly magnetic, as is also liquid oxygen; all other 
materials such as wood, glass, etc., are only slightly magnetic. 

232. Laws of Interaction of Magnetic Poles. When a lodestone, 
or bar magnet, is hung by a thread, one of the poles points towards the 
north, and is called a north-seeking or simply north pole. The other 


pole points to the south and is called a 
south pole. A magnetized needle, made 
from a strip of steel, such as a clock or 
watch spring, supported at its center on 
a sharp point with an agate bearing to 
reduce friction, is often called a compass 
needle since it is free to rotate about a 
vertical axis and takes up a definite di¬ 
rection when it comes to rest. If the 
north pole of a magnet, or magnetic 
needle, be brought near the north pole 
of another needle, it will be found that 



the two poles repel (Fig. 259). Similarly two south poles will be 


found to repel, but a south pole will attract a north pole, and a 


north pole a south one. Hence we learn that 



Fkj 260 .—Tho 
BiUaneo 


l ike magne tic poles repel, unlike attract 
233. Coulomb’s Lawf The'Trench scien¬ 
tist, Coulomb (1736-1806), investigated 
quantitatively how the force between two 
magnetic poles depended upon their distance 
apart, using his famous torsion balance. 
Since it is impossible to separate one mag¬ 
netic pole from another, magnets made from 
long pieces of wire like knitting needles pro¬ 
vided with steel balls about 1 cm. in diameter 
at both ends, may be used. The apparatus 
is illustrated in Fig. 260. One magnet NS is 
supported horizontally at its center of gravity 


by a fine torsion wire A B, provided with a torsion head C, and pointer 
D, so that the angle of torsion d may be measured. This magnet, 
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pointing magnetic north and south, is enclosed in a glass ease EFG. A 
second vertical magnet N'S' is introduced through an opening H . The 
pole S' is sufficiently far from the magnet so that the effect of its action 
on NS may be neglected. The two north poles NN r will repel and 
stand at an angle <j> apart, upon which the torsion head is turned 
through a measured angle 6 until the needle is again in the magnetic 
meridian with a distance d between N and N'. If N'S' is shifted 
sideways to a new vertical position so that d is reduced to d/2 and 
finally to d/3, then the torsion angles become 0i and 0 2 respectively 
and it may be found that the forces F, F h and F 2 between N and N' 
for distances d, d/2, and d/3 are as 1, 4, and 9; or e force b 

varies inversely as the square of the distance between 
them. On reversing the direction of the magnet N'S', so that there 
is attraction, and causing the torsion in the opposite sense, it may be 
shown that the attraction between magnetic poles obeys the same 
law. We shall see later that we may verify this inverse square law 
more simply by a different method. Further, by substituting differ¬ 
ent magnets, the force between any two poles kept at a constant dis¬ 
tance apart will be found to vary. The force therefore depends upon 
some property of the magnetic poles which experiment suggests can be 
measured in terms of a unit to be defined later, called the strength of 
the poles. Hence we may suppose that the strength of the poles of 
the magnet NS are each m, using m for the north pole and —m to 
designate the south pole, the poles of the same magnet being found 
to be of equal strength. From a series of experiments using magnets 
of different strengths at a constant distance apart, Coulomb showed 
that the force between any two magnetic poles of strength m and m! 
varied as the product of m and m'. Let ml be the strength of each of 
the poles of the magnet N'S', then from Coulomb's law the force is 
proportional to 

m X m r 
R 2 

where R is the distance between the poles. We may write this 
relation algebraically ~‘"X 


where y is a consta nt call ed the permeability which is found to de¬ 
pend upon the medium in which The poles act. Making m = m!, 
R — 1 cm., F = 1 dyne, and calling y = 1 for a vacuum, we obtain 
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m- = 1, or m = 1, which is our definition of unit magnetic pole. 
Therefore in words, unit magnetic pole is that pole which when placed 1 cm. 
from a like and equal pole in a vacuum will repel it with a force of 1 dyne. 

234. A Simple Theory of Magnetism. We are now in a position to 
investigate more fully the nature of a magnet. Let us magnetize a 
steel knitting needle, Fig. 261 (a), 

either by stroking it with a magnet - — , * ( 0 , 

or, as we shall see later in Sect. 319, *L__«_s ^ 

by placing it in a long coil of insu- " sn sn s ( 0 \ 

lated copper wire in which an Fig. 261 

electric current is flowing. When 

dipped into iron filings the needle will be seen to be a magnet. One 
end will be a north pole, as may be proved by bringing it up to the 
north pole of a magnetic needle which it will repel, and the other 
end a south pole. With a pair of cutting pliers, cut the needle in 
halves. Both halves will be found to be magnets, each with a north 

and south pole, Fig. 261 (6). If 
~/f r] oac h of these parts be again 

halved, we shall have 4 mag- 
“ [)^\\ tjnets, Fig. 261 (c). Imagining 

this process to continue, we 
(a) finally arrive at molecular di¬ 

mensions and we might suppose 

OOOOOO that we have little molecular 

5= 5= 5=3 O 5=3 5= 5=3 , , , 

N magnets. This model, due to 

5=3 5=3 5=3 m3 5=3 Ewing, we may accept tenta- 

5=3 5=3 5=3 5=3 5=3 5=1 tively, for the modern theories 

„ _ _ . PL . of magnetism attribute magnet- 

Magnets ism to the spin of electrons. 

(a) Unmagnetized Steel Bar The idea ° f molecular magnets 

( b ) Same Bar Strongly Magnetized will help US to Understand some 

further properties of magnetism. 
In a piece of unmagnetized soft iron, Ewing supposed the little mag¬ 
nets to be oriented at random, as in Fig. 262 (a), so that there are no 
resultant centers of magnetic force or poles. In a magnetized steel 
bar, most of the molecular magnets are permanently oriented in the 
same direction and there result the strong north and south poles at 
the opposite ends of the bar, as in Fig. 262 (6). 

235. Magnetic Induction. If a magnet is brought up to a piece of 
unmagnetized soft iron (Fig. 263), a number of the molecular magnets 






rr-Ni 5= 5 3 5= 5= 5=3 
5= 5= 5= 5= 5= 5= 5= 

N 

5= 5 3 5= |T~3 |s~3 
5= 5= 5= 5= 5=3 5= 

(lb ) 

Tig. 262. - - Ewing’s Theory of Molecular 
Magnets 

(а) Unmagnetized Steel Bar 

(б) Same Bar Strongly Magnetized 
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will be turned into line and so the iron will behave as a magnet; the 
closer the approach of the bar magnet, the more strongly magnetized 
will the iron become. When all the elemental magnets are oriented 
in the same direction, the iron is said to be “saturated/ 7 The 

magnetism in the iron is said to 
\n soft iron ~~s] \n Magnet s\ k e induced and the phenomena is 

I spoken of as magnetic induction. 

^ TTi Ayr , • t j + . Thus the iron in Fig. 263 will 

Fig. 263. — Magnetic Induction ® 

support a number of tacks or 
small nails at its end, when under the influence of the neighboring 
permanent magnet. Notice that the induced south pole of the mag¬ 
net is nearest the north pole. If the south pole of the magnet were 
nearest the iron, a north pole would have been induced on the end 
nearest the magnet. 

This phenomenon of magnetic induction explains the attraction 
of unmagnetized pieces of iron to a magnet. The end of the piece 
of iron nearest the pole of the magnet is magnetized with opposite 
polarity and attraction results. 

The other pole at the remote end 
of the iron will be repelled by the 
magnet with a' force which is 
smaller than the attraction of the 
near end, owing to its increased 
distance away. The mere at¬ 
traction of a piece of iron to a 
magnet only indicates that the 
iron is magnetic. On the other 
hand a test for the permanent magnetism of a body is usually made 
by noting repulsion from one or other of the poles of a second per¬ 
manent magnet. A piece of soft iron loses most of this induced 
magnetism when the magnet causing the induction is removed, as is 
shown by the fact that the nails shown in Fig. 362 will fall off when 
the magnet is withdrawn. Steel, on the other hand, retains its mag¬ 
netism, and this ability to retain permanent magnetic poles is called 
retentivity. Certain alloys have been made which have very low 
retentivity, such as permalloy, used in telephone work; others have 
very high retentivity, so high in fact that the strength of their poles 
is sufficient to repel a similar magnet with a force which exceeds the 
weight of the magnet, so that the one magnet will stand a centimeter 
or so above the other, without any visible support (Fig. 264). 



Fig. 264. — A bar magnet in the wooden 
base repels a similar magnet with a force 
sufficient to support it. 
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When a magnetic substance is once permanently magnetized, and 
the direction of this magnetism is reversed by applying an external 
magnetizing force, it changes the direction of its magnetism reluc¬ 
tantly and the strength of the field which must be used to reduce the 
permanent magnetism to zero is a measure of its coercivity. 

236. The Magnetic Field. We have seen that one magnet exerts 
a force on another and will also act on an unmagnetized magnetic 
substance by induction. 

There is therefore a field of 
force around a magnet, 
called a magnetic field, 
which corresponds to, but is 
entirely different from, the 
gravitational field in which 
a stone falls or the planets 
move around the sun. The 
presence of this magnetic 
field is revealed very simply 
by laying a sheet of white 
paper on top of a bar magnet 
and sprinkling iron filings 
over the paper. Each filing becomes by induction a little magnet and 
a gentle tap or two on the paper permits the filings to take up their 
positions along the directions of the lines of force at the points where 
they lie (Fig. 265). The mechanical force measured in dynes exerted 
on unit magnetic pole at any point in free space is taken as the 
measure of the magnetic intensity at that point and is expressed in 
oersteds.* ' Thus if the force on unit pole is two dynes, the field at that 
point is said t o be twooersteds. The lines of force are the paths along 
which a single north pole would move, if we had such a single pole, and 
the magnetic axis of any little magnetic needle or magnetized iron filing 
when in its position of equilibrium under the action of the magnetic 
field will be tangential to the line of force. Michael Faraday (1791- 
1867), the famous English natural philosopher, introduced this idea 
of lines of force which are found to have very definite properties. 
We must think of the lines of force as represented by continuous 
lines passing in the air from the north pole to the south pole of the 
magnet. In the magnet the lines of force would be also from the 

* Formerly the word gauss was used for this unit, but gauss is now kept for 
the unit of magnetic induction. 



Fig. 265 
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north to the south pole. In Fig. 265, we only see the direction of 
the lines of force in one plane, and the reader is to think of these lines 

of force in space — obtained 
by rotating the whole pic¬ 
ture about the axis of the 
magnet. By placing two 
magnets near each other 
with their north and south 
poles opposite (Fig. 266), 
we see the nature of the 
field as given by the direc¬ 
tion of the lines of force. 
When two like poles are 
used, the lines of force are 
as shown in Fig. 267. By 
placing two magnets in various relative positions and plotting the 
lines of force, either by sprinkling iron filings on a sheet of paper laid 
over the magnets, or by taking a small compass needle (Fig. 268) 
and tracing out the position it takes up at various points, the fol¬ 
lowing properties of lines of 
force may be deduced: 

. I (1) Two lines of force 
j never cut one another. 

’! (2) Lines of force which 

have the same direction 
behave as if they repelled 
one another laterally. 

(3) Lines of force are 
under tension and try to 
become as short as possi¬ 
ble subject to conditions 
(I) and (2). 

The magnetic field will be strongest where the lines of force are 
closest together. Engineers often find it convenient to measure 
the strength of a magnetic field by the number of lines of force 
which pass through unit area perpendicular to the direction of 
the lines of force at the given point. Thus if at a given point A, 
the intensity of the magnetic field is 10 oersteds, then we imagine 
that the lines of force at A are distributed at the rate of 10 



Fig. 267 



Fig. 266 
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through 1 cm. 2 perpendicular to the direction of the field at the 
point A. Using this idea of measuring a magnetic field, we see 
that 4 irm lines of force radiate uniformly, distributed in space 
from a magnetic pole of 
strength m units. For, if we 
describe a sphere of radius 
r cm., with center at the 
magnetic pole of strength 
m, we have the area of the 
sphere 4 xr 2 cm. 2 Then if 
N is the number of lines of 
force which radiate from the 
pole of strength m we have the number passing through 1 cm. 2 of 
surface at a distance r from the pole N /4 x r 2 which will be the 
strength of the magnetic field at a distance r from a pole of strength 
m. This by Coulomb’s law must be m/r 2 . Hence 



mm 

fi 


mm 


Fig. 268 . — Lines of Force between Two 
Bar Magnets 


N 


m 
' f 2 


or 


that is, 4 x lines of force radiate from unit magnetic pole. 

237. In the last paragraph it was shown that the total number 
of lines of force leaving a pole of strength m is 4 xm. This will 
only be true if the medium surrounding the pole is a vacuum , other¬ 
wise the number of lines of force will be 4 tm/jjl , where jjl is the 
permeability of the medium as defined in Sect. 233. Subsequent 
investigation shows it is convenient to use a new quantity, termed 
magnetic induction. This induction, represented by i B, is related 
to the magnetic intensity H by the relation B = juff, and is measured 
in gauss Jf TJ is in oersteds 

Lines of induction are continuous closed curves regardless of the 
media through which they pass. In this respect they differ from 
lines of force which may be discontinuous at the junction of two 
different media. For example, in the case of the permanent magnet 
in Sect. 355, the lines of force in the magnet pass from the north to 
the south pole, while the lines of induction in the magnet are from 
the south to the north pole. 

If a small compass needle be placed in a magnetic field and given 
a slight displacement, it will be shown later (Sect. 248) that the 
strength of the field is proportional to the square of the number of 
oscillations made in unit time by the needle. Suppose the needle 
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makes 10 oscillations per minute in one magnetic field and 20 in 
another, then the relative strengths of the two fields will be 1 : 4. 
If we represent two field strengths by H and H f and the needle makes 
n and n? oscillations per minute in these two fields, then 

W n'> P 

where T and T' are the periods of oscillation in the two fields. Such 
a compass needle is a simple form of oscillation magnetometer and 
may be used as a convenient way of comparing the strengths of 
two magnetic fields or at two places of the same magnetic field. 

238. Magnetic Shielding. If we place a piece of soft iron near 
one pole of a bar magnet and obtain the lines of force by either 
plotting with a compass needle, or by using iron filings, we note that 
the lines of force are drawn away from the neighborhood so as to 
pass through the iron (Fig. 269). The iron appears more permeable 
to the lines of force than air. The region at A is almost free from 



Fig. 269. — Region A Partially Shielded 
by Piece of Soft Iron 


Fig. 270. — Shielded Region In¬ 
side Hollow Iron 


lines of force, and is said to be shielded. This property of soft iron 
of shielding a region from the influence of a magnetic field is very 
important in many pieces of physical apparatus. It may be il¬ 
lustrated by placing a small compass needle C in the center of a 
ring of soft iron, AB } and then bringing up a bar magnet N, when it 
will be found that the needle is only slightly affected (Fig. 270). 
The region D will be shielded, not entirely of course because the top 
and bottom are not covered with iron, and the reader is reminded 
that the lines of force are in space and not only in the plane which 
the diagram illustrates. Figure 271 illustrates an actual case of 
shielding inside a soft iron ring placed between two unlike poles as 
well as the concentration of the lines of induction in the ring. In¬ 
side a thick hollow sphere of soft iron, the space would be almost 
free from the magnetic effects of an external magnetic field. If the 
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Fig. 271 


ring (Fig. 270) be lifted up, the compass needle will at once be moved 
so that its south pole points towards N. When the soft iron ring AB 
is removed, the introduction of sheets of wood, glass, wax, or other 
nonmagnetic substances between the pole N and the compass needle 
C will be found to have no 
effect in shielding the needle. 

We conclude that the per¬ 
meability of these nonmag¬ 
netic substances is practi¬ 
cally the same as air or a 
vacuum, namely unity. A 
sheet of soft iron, however, 
when introduced between N 
and C will shield the mag¬ 
netic needle very consider¬ 
ably from the effects of the 
magnet. 

239. The Effect of Temperature on a Magnet. The magnetic 
properties of a magnetic substance like iron depends on the tempera¬ 
ture. For example iron, when heated red hot (about 800° C.), 

loses its magnetic properties and above 
that temperature is nonmagnetic, that is, 
its permeability becomes unity. This can 
be shown very strikingly by the experiment 
illustrated in Fig. 272. A horizontal wheel 
with a number of soft iron spokes a, 5, c, d 
is pivoted on a needle point A supported by 
a stand B, so that the wheel may rotate 
freely with little friction in a horizontal 
plane. A strong horseshoe magnet NS is 
placed horizontally on a wooden block so that it attracts the iron 
spoke b, and also attracts c which is nearer to it than a. A Bunsen 
burner is placed below the spoke 6, and as b is heated red hot, it loses 
its magnetic properties and so is not attracted by the magnet. Now 
c being nearer to N than a, it is attracted and the wheel turns until c 
is in the position formerly occupied by 5, and d replaces c. As c be¬ 
comes heated to 800° C. it in turn becomes nonmagnetic and the 
w heel rotates again until d is in the position which c has just vacated. 
Thus the wheel will continue to rotate step by step, the energy coming 
of course from the heat supplied by the Bunsen burner. By the time 
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two or three spokes have passed through the flame, those which were 
formerly heated will have cooled sufficiently to regain their magnetic 
properties and so be ready to go through the same cycle of events 
again when their turn comes. 

240. Magnetic Potential. It has already been shown that there is 
a magnetic field surrounding a magnetic pole such that a unit mag¬ 
netic pole placed in that field is under a force of repulsion or attrac- 
m tion. Suppose a north pole of 

o' q it strength m be situated at 0 (Fig. 

Fig. 273. — Diagram Showing Magnetic ^73). Then a Unit north pole 
Potential placed at Q will be subjected to 

a force of repulsion (m X 1) /OQ 2 
dynes. If this pole be moved from Q a short distance to P, the 
amount of worT which is done against the magnetic field ’is a 
measure of the difference in potential between the positions P and Q 
Thus the difference in potential may be found by determining 
the amount of work. The force at P is m ■ 1/OP 2 , so we may con¬ 
sider the average force on the unit pole between P and Q as the 
geometric mean of the forces at P and Q, that is to • 1/OP • OQ. Since 
work is force X distance, the work done in moving unit magnetic 
pole from Q to P is the difference in potential between the points 
P and Q which we shall designate by V t - V s . Therefore: 

V P -V q = mX * 


OP ■ OQ 

OQ OP \ 

op oq op oqJ 
1 1 


m 


~ OP OQ 

Similariy thei work done in taking unit pole from R to Q will be 
m/OQ m/OR and so on for successive distances from 0 . If now 
we let the unit pole be moved up from a great distance OS, by writing 
down all the intermediate short intervals and adding up, we see that 

^intermediate distances cancel out leaving only the first and last 
positions. Hence, 

r. _ v = — PL 
p Vs OP OS 
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Let S go to infinity and m/OS becomes zero. This defines the value 
of the potential at the point P which is given by 



and is a measure of the work done against the magnetic field due to 
a north pole of strength m unit poles placed at 0, in bringing a unit 

_j s from infinity to the point P. This law of the variation of 

the potential with distance is true for all phenomena involving a 
law of force which varies inversely as the square of the distance, and 
holds for gravitational attraction, electrical and magnetic attraction 
or repulsion. 

★241. Magnetic Doublet. In the case of a magnet, we always 
have two poles; hence the expression for the potential at a point P, 
situated at a distance d from the center of a bar magnet will contain 
two terms. Let NS (Fig. 274) be a bar magnet, pole strengths 
m and — m, the distance between the poles 
being 2 l. To find the potential at any 
point P, we have the potential due to the 
north pole of strength m at N equal to 
m/PN. Similarly the potential due to a 
south pole — m at S is — m/PS . The re¬ 
sultant potential at P is therefore V Pj 

_ jn_ m_ 

Vp ~ PN ~~ PS 
m(PS - PN) 

“ PN- PS 

If the magnet is small, that is, if NS is 
small compared to OP, we may draw per¬ 
pendiculars from N and S on OP, cutting 
OP in A and PO produced in B respec¬ 
tively. Then PA = PN and PB = PS 
approximately. Hence PS — PN - PB - 
equal to NS cos 6 where 6 is the angle NOP. 
mately equal to OP 2 . Thus we may write for the potential at P due 
to a small magnet 

m(PS - PN) 

Vp- PN . PS 

m * NS cos 6 



Fig. 274 


PA = AB. And AB is 
Also PN • PS is approxi- 
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m * 2 l cos 6 
M cos 6 



where M is the magnetic moment of the magnet equal to the pole 
strength m. multiplied by the distance 2 l between the poles and d 
the distance from the center of the magnet to the point P. Such a 
small magnet is called a magnetic doublet. 

242. Terrestrial Magnetism. Gilbert was the first clearly to draw 
attention to the fact that the earth behaves as a great but rather 

irregular magnet which at the present time 
has its north magnetic pole on the west 
side of Boothia, just north of King William 
Island (97° W, 70.5° N), and the south 
magnetic pole in South Victoria Land 
(155° 16' E, 72° 25' S). According to our 
definition of a north pole, we see that the 
north magnetic pole must be in reality a 
south pole and hence we have a north pole 
in the south. The position of these poles 
varies slowly with time as records of the 
past three centuries prove. We may 
imagine for our purposes a great bar 
magnet placed in the earth as causing the earth's magnetic field, 
as shown in Fig. 275. The axis of this magnet does not coincide 
with the axis of rotation of the earth. The 
earth’s surface will be cut by the magnetic 
lines of force from this magnet, as shown 
in Fig. 275. If a compass needle be placed 
at any point on the earth’s surface, it will 
take up its position of equilibrium along the 
lines of force at that point and the direction 
of the magnetic axis of the magnet is called 
the , magnetic meridian. In general, the 
magnetic meridian wilfnot coincide with the 
geographical meridian, and .the^ja.ngle, , v 
(Fig. 276), which the m agnetic meridian 
makes with the geographical meridian is called 

7ortjy sa ilors,' the deviation of the compass. The declination is said 
to be east or west, depending upon whether the north pole of the 


Fig. 275. — Diagram of the 
Earth’s Magnetic Field . 
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needle is east or west of the geographic meridian. Observations of 
the declination of the compass have been made at points all over the 
earth’s surface, and lines may be drawn, called isogonic lines, through 
points where the magnetic declination is the same. The agonic line is 
the name given to the line along which there is no deviation of the 



Fig. 277. — Isogonic Lines 


compass, that is, for all points on this line, the compass needle points 
to the true or geographical north. The isogonic lines are shown in 
Fig. 277. 

When a magnetic needle is supported at its center of gravity so 
that it can rotate about a horizontal axis and is placed so that the 
needle is along the magnetic meridian, it 
is found that the needle does not remain 
horizontal, but dips down, the magnetic 
axis of the needle making an angle D with 
the horizontal. The angle D (Fig. 278) is 
called the in clination, or angle of dip. In 
looking at the lines of force (Fig. 275) we 

see that the angle of dip will be 90° at the Fig . 2 78. — The Dip Needle 
magnetic poles, and zero at the magnetic 

equator, the north pole dipping down in the northern hemisphere, 
and the south pole down in the southern hemisphere. When points 
of equal dip are joined, we obtain the isoclinic lines, shown in Fig. 279. 

In addition to finding the magnetic meridian and the dip at any 
point, which gives us the direction of the lines of force, we want 
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also to find the intensity of the magnetic field. Thus in Fig. 280, 
the magnetic meridian PM makes an angle of declination v in the 



horizontal plane with the geographical meridian PG and the direction 
of the resultant intensity PR an angle of dip D with the horizontal. 
The intensity R in oersteds, that is, the force in dynes on unit mag¬ 
netic pole at P, may be represented 
by the vector PR. Then PR may 
be resolved into a horizontal compo¬ 
nent H and a vertical component V. 
These five quantities, v, D, H, V, and 
R , constitute what are called the 
“elements of the earth's magnetic 
field.” If v, D , and H are found, V 
and R may readily be calculated since 
R = H /cos D and V = R sin D. 
We shall see later how H may be found. 

243. The Torque on a Magnetic Needle. Suppose a horizontal 
magnetic needle NS is turned through an angle $ by a horizontal 
magnetic field F in an east-west direction. If H is the value of the 
horizontal component of the earth's magnetic field and m is the 
strength of the magnetic pole of the needle, then there will be two 
forces, F • m (Fig. 281) tending to increase 6 and corresponding 
forces H • m trying to decrease 6. The couple H • m produces a 
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torque H * m * SA on the needle. 

Hence 

the restoring torque 

- H-m-SA 
= H • m • AN sin d 
— H • M sin 6 .(1) 

where M = m X SA, or the 
strength of the magnetic pole of 
the needle multiplied by the dis¬ 
tance between the poles. This 
product is called the magnetic 
moment of the magnet, and may be 
defined as the torque required to 
hold a magnet at right angles 
(d = 90°, sin 6 = 1) to a field of unit intensity (H = 1). By equat¬ 
ing the torque on the magnet due to F (Fm • NS cos 6 = FMcos 6) to 
that due to the earth's horizontal component (HM sin 0), we obtain 
FM cos 6 = HM sin 0 

or F —H tan 0 .(2) 

★244. The Gauss A Position. The great German mathematician 
Gauss (1777-1855) used this fact to prove the truth of the inverse 

square law. Suppose a 
small bar magnet NS 
(Fig. 282) be placed with 
its axis perpendicular to 
the magnetic meridian. 
Then the force Fi on unit 
with magnetic pole at a point, P , on the axis SN may be found as 
follows. Let the distance between the poles NS be 2 l and the 
strength of each pole be m. Then the force of repulsion between 
the north pole m at N and the unit pole at P will be (m X 1)/AP 2 . 
Similarly the force of attraction due to the south pole at S will be 
(m X 1) /SP 2 . Hence the resultant force of F x will be 
_ m mm m 

Pl = NP*~SP* 

m(d 2 -j- 2 dl -f- Z 2 — d 2 -f- 2 dl — l 2 ) 

4 mid 2 Md 
d 2 - l 2 ) 2 

since 2 ml = M, the magnetic moment of the magnet. 


Fig. 282 
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A small compass needle placed at P will be deflected through an 
angle 81 , from the magnetic meridian given by (2) Pi = II tan 6 lw 
Hence, 


2 Md 


(3) 


If the length of the magnet (2 l ) is very small compared with d, we 
may neglect P in comparison to d- and we shall have 


2 Md _ 

d 3 


H tan 6 


(4) 


This is called the Gauss A position or “end on” position. 

The Gauss B Position. Let us now 
calculate the force P 2 on unit magnetic north 
pole at P (Fig. 283), the magnetic axis of the 
magnet still being perpendicular to the mag¬ 
netic meridian and P being d cm. away from 
the center 0 of the magnet along the magnetic 
meridian. The force of repulsion between the 
unit pole at P and the north pole m at N will 
be (m X 1 )/PN 2 along the direction PA. The 
force of attraction due to the south pole will 
be (m X 1)/PS 2 along PB. Since PN = PS, 
these forces will be equal in magnitude. The 
two forces PA and PB will be PC, where 
Therefore 



Fig. 283 


resultant of these 
PC = 2 PA cos a. 


F 2 = 2 PA cos a — 2 
because 


m 

COS OL — 


2 m ON 

PN *' PN ~ Tm ~ I 
OP 2 + ON* = d* + P, and 2 hi = 


M 


Again if a small compass needle be placed at P, it will be deflected 
through an angle 0 2 , given by P 2 = FI tan d 2 or H tan d, = 
M/{d 2 + PyK If l is very much smaller than d, we may neglect l 2 
in comparison with <P and we have 


This is called the Gauss B position or broadside position. 

★246. Verification of the Inverse Square Law by Gauss. If the in¬ 
verse square law is true, then dividing (4) by (5), we get tan 0j/tan 0 2 
equals 2, a result which may readily be checked by experiment. If 
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we had supposed that the force varied as the inverse pth power of 
the distance, we should have found in the same way that 

tan fli _ 
tan S 2 “ & 


★ 247. The Deflection Magnetometer. We have defined the mag¬ 
netic moment M of a bar magnet as depending upon its pole strength 
and this strength is easily 
altered by dropping or 

subjecting the magnet to c d'—~—"a > b 

Various magnetic fields, Fig. 284. — The Deflection Magnetometer 
since M is not constant. 

The ratio of M/H may be found with a deflection magnetometer, 
using equation (3). The deflection magnetometer, shown in Fig. 284, 
is simply a short compass needle in a box with glass cover to protect 
it from drafts or air currents, the needle being provided with a 
long, light aluminum pointer fixed at right angles to the axis of the 
magnet, to read the angle of deflection 0i more accurately. The 
arms AB and CD are placed perpendicular to the magnetic meridian, 
and then the magnet of moment M is placed so that its center is at 
a distance of d cm. from the center of the magnetic needle, the dis¬ 
tance being read directly from the scale on AB. The deflection 6 i 
of the magnetic needle caused by the magnet is read. The magnet 
is usually reversed keeping d the same and the reading again taken. 
Similar readings are made by placing the magnet at the same dis¬ 
tance d from the needle on the opposite arm, CD. The average of 
the four deflections which should be nearly the same is taken as the 
true value of 0i. The length of the magnet is measured and the 
distance between its poles, 2 1, is taken as of its actual length. By 
inserting these values in equation (3), we find the value of 


M 

H 


(d 2 - V) 


tan 0i 


( 6 ) 


The Oscillation Magnetometer. Since both M and H are 
unknown we have to find another relation between M and H . This 
is done with the oscillation magnetometer (Fig. 285). The same 
magnet used in the deflection magnetometer is now carefully placed 
in a stirrup supported by a silk thread, the whole enclosed in a box 
with glass sides. The box is placed in the same spot that the needle 
of the deflection magnetometer occupied and the box is so oriented 
that the magnet lies in the magnetic meridian. The magnet is now 
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rotated gently and will oscillate to and fro with a periodic time T 
seconds, which may be accurately found by taking the time for 50 

or 100 oscillations. The torque on the 
ra magnet by equation (1) is HM sin 0. 

- -j For small angles we may write this as 

| HM ■ 0. Now if I is the moment of in- 

ertia of the magnet, by Sect. 48 we have 
j || I X angular acceleration = —HM • 0. 

/ idESlMiL , . .. -HM 

/ Angular acceleration = — j— 

? X (angular displacement) 

In Sect. 40 it was shown that when lin- 

„ ~ A . ear acceleration is k times the displace- 

Fig. 285. — The Oscillation , , /T r ,1 

Magnetometer ment the period is 2 7T/ V k. In the present 

case the angular acceleration is HM/I 

times the angle of displacement, hence the period of oscillation 


= 2T \/m 


MR = 


where n is the number of oscillations the magnet makes per second. 
The value of I may be calculated for simple geometrical bodies. 
For a bar magnet of length l cm. and breadth b cm., whose mass is 
m gm. the value of 1 (no matter what the thickness) is 

l 2 + b 2 

m • ^2 " § m - cm * 2 

Thus we may find the product of MH from equation (7). Hence com¬ 
bining the deflection magnetometer result with that of the oscillation 
magnetometer at the same place, both H , the horizontal component 
of the earth's magnetic field and M, the magnetic moment of the 
magnet, may be found. By experiments similar to the above, the 
value of H has been determined at various points on the earth's 
surface. When the declination and inclination are also known at 
these places, the elements of the earth's magnetic field may be found. 

249. Variations in the Elements of the Earth’s Magnetic Field. 
The earth's magnetic field varies continuously, though slowly. Thus 
the declination, dip, and horizontal component H are not constant 
at any given place. The values of the magnetic declination have 
been taken at London since 1580. At that date the deviation was 
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11° 18' E, in 1634 it was 4° 5' E, in 1700 it was about 4° W, increasing 
to a maximum west deviation of about 24° in 1800, while in 1930 it 
was 12° 24.6' W. Similar changes in the other magnetic elements take 
place and these long period variations whose complete cycles have not 
yet been observed are known as secular changes. The period of the 
cycle appears to be about 480 years with a maximum variation in de¬ 
clination of 35°. The maximum variation in dip is only about 10°. 
In addition to these secular variations there are much smaller diurnal 
variations. There have been many mathematical investigations into 
the causes of these variations and of terrestrial magnetism by Gauss, 
Bauer, Schuster, and others, but the complete solution of this prob¬ 
lem is yet to be found. The investigations of Gauss showed that 95 
per cent of the earth’s magnetism is due to causes within the surface 
of the earth, and Schuster’s results proved that the diurnal variation^ 
are due to causes outside the surface of the earth, probably due to elec¬ 
trical currents in the upper atmosphere. Besides the gradual varia¬ 
tions mentioned above there occur often sudden violent changes in 
the magnetic elements. Such rapid changes are called magnetic 
storms and appear to be connected with sun-spot activity and the 
appearance of the aurora borealis or northern lights. Magnetic 
storms can attain such magnitude as to interfere with telegraphic, 
telephonic, and radio communication, but they are only of short 
duration. 

250. Some Applications of Terrestrial Magnetism. The fact that 
the earth behaves as a great magnet of large magnetic moment has 
several important consequences. In order to appreciate the effects 
of the eartlTs magnetism, consider a rod or bar of soft iron about 
a meter long and hold it so that its length is perpendicular to the 
terrestrial lines of force and then strike one end several sharp blows 
with a heavy hammer; it will be found on bringing one end up 
to a magnetic needle that it is not magnetized but magnetic. The 
end of the rod will attract both poles of the needle. If, now, the rod 
is held along the direction of the earth’s field and again struck several 
times with the hammer, on approaching the end which was nearest 
the north to the north pole of the magnetic needle, repulsion will 
result. The rod is now magnetized, the effect of the blows being to 
help the iron to become magnetized — on the simple Ewing theory of 
molecular magnets, to assist the elemental magnets to turn into line! 

When an iron ship is built on its stocks, it becomes permanently 
magnetized due to the earth’s field, as a result of riveting the pieces 
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of steel of the vessel. Since the ship has length, breadth, and 
height, we may imagine it represented magnetically by three bar 
magnets mutually at right angles. Such a ship is usually kept 
to its course by observations of a magnetic compass, though gyro¬ 
compasses which depend on the rotation of the earth are now nearly 
always supplied as well. The reader may wonder how an iron 
ship w T ith a permanent magnetic moment can utilize a magnetic 
compass. The permanent magnetism of the ship is counteracted 
by a number of small permanent magnets placed, some horizon¬ 
tally parallel to the length of the ship, some horizontally parallel 
to the cross beams, and perhaps one vertically in the binnacle below 
the needle. By adjusting the position of these magnets while swing¬ 
ing the ship around through 360° at a given point, the permanent 
magnetism of the ship is compensated for by these auxiliary magnets. 

In addition to the permanent magnetism the earth’s field will 
induce magnetism in the iron, the direction of this induced mag¬ 
netism depending upon the direction in which the ship is sailing. If 
going north, the bow of the ship will have north polarity and the 
stern south. To compensate for this induced magnetism, two large 
soft iron balls are placed one on each side of the compass needle at 
the proper distance and the induced magnetism in these spheres 
corrects the effect of the induced magnetism in the ship. Thus it 
is possible to use a magnetic compass on a steel ship for navigating 
purposes and until recent years, with the advent of radio and the 
gyrocompasses, all ships were kept to their course with magnetic 
compasses. 

Another application is the location of deposits of magnetic material 
in the earth when no outcrops occur. Associated with such deposits 
iron, nickel, or gold is sometimes found. This form of geophysical 
prospecting, as it is called, has been used successfully for many years 
and with the construction of delicate magnetic needles for measuring 
variations in the horizontal and vertical components of the earth’s 
magnetic field, any local disturbances due to the presence of more 
than the usual amount of magnetic material below the surface can 
be detected. The absence of the usual amount also becomes de¬ 
tectable and so such magnetometers have recently been used to find 
the exact location of salt domes. Associated with such structures 
oil may be found, so the method is of considerable economic value. 
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1. In a Coulomb's balance, one magnetic north pole has strength 200 

and the other north pole strength 50. The poles are 5 cm. apart. Find 
the force of repulsion between the poles in dynes. (400) 

2. A bar magnet has pole strength 200 and the distance between the 

poles is 10 cm. What is its magnetic moment? (2000) 

3. Two long bar magnets, each weighing 120 gm. with their north poles 
pointing north, are supported by threads 61 cm. long so that the magnets 
are parallel to each other and are repelled by the mutual action of their two 
north poles and their two south poles. The four poles are of equal strength 
and the distance apart of the poles due to the mutual repulsion is 22.0 cm. 
Find the strength of each pole, the upper ends of the supporting threads 
being attached together on the same straight line. (2284 unit poles) 

4. Find the torque required to hold a magnet of magnetic moment 8000 
units at an angle of 30° to the magnetic meridian, if the strength of the 
horizontal component of the earth’s magnetic field is 0.25 oersted. 

(1000 dyne cm.) 

5. A magnetic needle of magnetic moment 2000 supported at its center 
on a pivot is held at an angle of 45° to the direction of a magnetic field of 
strength 150 oersteds. How far from the pivot must a force of 10 5 dynes 
be applied in a direction perpendicular to the field to hold it in this position? 

(3 cm.) 

6. If the horizontal component of the earth’s magnetic field is 0.21 oersted 
and the angle of dip at the same place is 75°, find the resultant intensity 
and vertical component of the earth’s field. 

(R = 0.811 oersted; V = 0.783 oersted) 

7. The field due to a bar magnet, whose magnetic axis lies east-west at 
a point P, 30 cm. from the magnet, is 0.126 oersted. If the horizontal com¬ 
ponent of the earth’s field is 0.180 oersted, find the angle a small compass 
needle placed at the point P will make with the magnetic meridian. (35°) 

8. Find the field at a point 50 cm. from the center of a short bar magnet 

of magnetic moment 1200 units, (a) along a line which is the extension of 
the axis of the magnet, and (6) on a line perpendicular to the axis of the 
magnet through its center. (( a ) 0.0192 oersted; (5) 0.0096 oersted) 

9. A bar magnet has pole strength 600 units and the distance between 
the poles is 18 cm. What is the force on unit magnetic pole at a point 40 cm. 
from each pole and what is the direction of this force? 

(0.168 oersted parallel to the magnet) 

10 . In a deflection magnetometer experiment, the center of the magnet 

is 30 cm. from a small magnetic needle. If the axis of the magnet is east- 
west and a magnetic needle is in the Gauss A position, find the magnetic 
moment of the magnet, given H = 0.20 oersted, distance between the poles 
of the magnet 20 cm., the needle being deflected 45°. (M = 2130 units) 
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11 . A small magnetic needle oscillates in the earth’s field. If the moment 
of inertia of the needle is 45 units, its magnetic moment 1000, and the strength 
of the horizontal component of the earth’s magnetic field is 0.18 oersted, 
find the period of oscillation of the needle. (T = t = 3.14 seconds) 

12. A bar magnet weighs 240 gm., is 15 cm. long and 1 cm. broad, and 
its magnetic moment is 2000 units. When oscillating in the earth’s field, 
it has a period of 6 t seconds. Find the value of the earth’s field. 

(H = 0.25 oersted) 

13. A small magnetic needle makes 4 oscillations per minute in the 
earth’s field of strength 0.20 oersted. When a bar magnet is brought near 
the needle, it makes 5 oscillations per minute. Find the strength of the 
field produced by the magnet at the point where the needle oscillates. 

(0.112 oersted) 

14. Two magnets have the same mass and shape but different magnetic 
moments. The first magnet makes 13 oscillations per minute and the 
second 12 oscillations per minute when slightly displaced in the earth’s 
magnetic field. When the two magnets are placed one on top of the other 
in a stirrup, it is found that together they oscillate more slowly in the same 
field. Find the number of oscillations the combination will make per minute. 

(3.54) 

15. A bar magnet is placed with its axis along the magnetic meridian. 
A small needle is placed in the same magnetic meridian a short distance from 
the end of the magnet and is found to make 40 oscillations in two minutes. 
When the magnet is reversed but kept in the same position, the needle 
makes 12 oscillations in one minute. Find the number of oscillations the 
needle will make in 5 minutes when the bar magnet is removed. (56.6) 

16. Two magnetic needles have the same shape and mass; one makes 
32 oscillations in 2 minutes, the other 10 oscillations in 45 seconds in the 
earth’s magnetic field. What is the ratio of their magnetic moments? 

(1.44) 

17. A magnet has a moment of inertia 400 units and is found to make 

10/7r oscillations at a given place in 20 seconds. When a deflection magne¬ 
tometer is set up in the Gauss A position at the same place, and the center 
of the magnet is 30 cm. from the needle, the deflection is found to be 45°. 
If the distance between the poles of the magnet is 22.40 cm. find the mag¬ 
netic moment M of the magnet and the value of the horizontal component 
of the earth’s field at the point. (M = 2000; H = 0.20) 

18. A dip needle makes 16 oscillations per minute when in the plane of 

the magnetic meridian at a point on the earth where the dip is only 30°. 
How many oscillations per minute will it make when turned so as to be 
perpendicular to the magnet meridian? (11.3) 

19. A short bar magnet is placed with its axis perpendicular to the mag¬ 
netic meridian. A small compass needle 40 cm. from the center of the 
magnet on the magnetic meridian which passes through the center of the 
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magnet is deflected through 45°. How far from the center of the magnet 
on its axis must the same needle be placed so it will again be deflected 45° 
from the meridian? (50.4 cm.) 

20. Find the magnitude of the force on unit north pole, placed 20 cm. 
from the south pole of a bar magnet which is also 20 cm. from its north pole, 
the strength of each pole of the magnet being 400. The distance between the 
poles of the magnet is 12 cm. (0.6 dynes) 



CHAPTER XI 

ELECTROSTATICS 

251. Electrification. Electrostatics has to do with electricity at 
rest, or in equilibrium. Early records state that electricity was first 
discovered by Thales (600 b.c.), who found that amber, which is 
fossil gum, when rubbed with cloth would pick up light bodies, such 
as small feathers. The Greek for amber is “electron” and this is 
the origin of the word electricity, and of the modern “atom” of 
electricity, or electron. It is easy to repeat the experiment of Thales 
with amber, sealing wax, or an ebonite fountain pen, which, if rubbed 
when dry on the coat sleeve, will attract and pick up small pieces of 
paper, wool, etc. On the other hand two sheets of paper rubbed 
vigorously with the fur of a eatskin may readily be shown to repel 
each other, as do two rubber toy balloons suspended by threads and 
similarly “electrified” with fur. 

It may be noted that in gravitation there is always attraction, 
but with frictional electricity as with magnetism there are both 
attractive and repulsive forces to be explained. Bodies which are 
capable of producing the effects just described are said to have an 
electric charge. A small, light ball of pith (from an elder bush) 

may be suspended by 
a fine silk thread and 
brought near a charged 
ebonite rod; the ball is 
first attracted, but as 
soo.n as it touches the rod 
it is strongly repelled. 

In order to arrive at an 
explanation of this and 
other results it is well to 
proceed in a methodical 
manner and to describe certain experiments, step by step. If a glass 
rod (Fig. 286) is rubbed with silk and suspended in a paper stirrup 
at the end of a silk thread, and if an ebonite rod rubbed with fur is 
brought near one end of the glass rod, then rotation occurs, proving 
attraction. 


Glass 


Cord 


Glass 
+ +■ + + 


+ + + •» 
Elevation 


Attracts 


Glass 
+ + +■<■ 


Ebonite 

(a) 


Repels + 


Glass 


Fig. 286 


(b) 
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If, however, two rods or tubes of the same kind of glass (Fig. 287) 
both silk rubbed are tested as above, there is repulsion. The same is 
true of two ebonite rods both electrified with fur. By treating a great 
variety of materials in a similar manner 
and testing their properties it appears 
that there are two, and only two, types 
of electricity produced by friction. 

The one kind is called vitreous (i.e., 
glassy) or Positive (+) electricity, the 
other called resinous or Negative (—) 

.electricity. Ebonite (-) Glass (+) 

It has been shown that bodies with Fig. 287 


like charge repel one another, bodies 

unlike charge attract. This rule is shown in Fig. 287 where 
a "negatively charged rod attracts a positive and repels a negative 
ball, and a positive rod attracts a negative and repels a positive ball. 

252. Electroscope. In the reign of Queen Elizabeth, Gilbert 
(1544-1603), her physician, invented an electroscope, which is an 

instrument for detecting electricity. 
A convenient form (Fig. 288) con¬ 
sists of a glass jar with a top of 
wood or ebonite supporting a cen¬ 
tral metal rod having a flat round 
disk at the top and two thin leaves 
suspended side by side at the bot¬ 
tom. These leaves are a few centi¬ 
meters long, and about half a centi¬ 
meter broad, and are made of thin 
gold or aluminum leaf, or of Dutch 
metal foil. With the gold leaf 
electroscope it is possible to test the nature of the electrification of a 
large number of bodies charged by friction; and to examine the nature 
of the charges. 


Brass disk 



Fig. 288. — Gold Leaf Electroscope 


253. Charges. If an ebonite rod (—) is brought slowly towards 
the upper disk of such an electroscope the leaves are seen to open 
with a corresponding slow increase of angle. The same is true of the 
.approach of a glass rod (+). 

It is next necessary to test two electrified rods of the same kind, 
both ebonite (—), or both glass (+). The leaves show an additive 
effect, when first one rod is brought near and held in a fixed position, 
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and then the second is advanced towards the instrument. Two 
differently electrified rods, however, ebonite (—) and glass (+) show 
a subtractive effect, the one tends to neutralize the other. It is 
therefore easy to test whether two charges are of the same kind, or 
of opposite kinds. 

Early experimenters, such as Gilbert, came to the conclusion, 
erroneously, that there were two types of materials, “electric and 
nonelectrics,” those that could and those that could not be electri¬ 
fied by friction. He found that metal rods held in the hand could not 
be char ged by friction with any material. It was later found that if 
a piece of metal of any shape is mounted on a handle of glass, ebonite, 
sealing wax, etc., and if the metal is then stroked or rubbed with fur, 
it is at once made evident, by bringing it up towards an electroscope, 
that the metal has been electrified or “charged” with electricity. 
The metal is said to be insulated by the handle, and the material of. 
the handle is said to be an insulator. When the metal was held in the 
hand the metaTcfiS' incteed receive a charge, but this speedily leaked 
away through the metal and the human body to the earth. For 
example, if a boy stands on a wooden s.tool “insulated” from the 
ground by glass legs, and if, while the boy touches the upper disk of 
an electroscope, his coat is struck smartly successive blows with a 
catskin and fur, then each blow will cause the gold leaves to open, 
step by step. If the boy is not insulated, but stands on the floor, 
no such effect is seen. Doubtless the electrification is still produced 
but it swiftly passes through the body to the ground. If, when on the 
insulating stool, he touches the top of the electroscope with a long 
metal rod, the leaves will open, but with a long rod of glass they will 
not; and with a long wooden rod, slightly moist, a delayed action 
will be noted. 

254. Conductors and Nonconductors, or Insulators. If a metal ball, 
insulated on a glass rod, is electrified by rubbing it with fur, and 

is then connected by a long, dry silk 
thread with the top of an uncharged elec¬ 
troscope, the gold leaves will not diverge 
because silk cannot convey or conduct 
electricity. If the silk is well moistened, 
289 however, some electricity will pass along 

the thread from the ball to the electro¬ 
scope and the leaves will slowly open. ■ 

A similar experiment may be made first with a dry, then with a 
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moist, wooden rod such as a meter scale (Fig. 289). If a metal rod 
is substituted for the wooden rod, the action of the leaves seems 
instantaneous. 

All materials may be divided into two main classes: 


Conductors Insulators 


Metals 

Quartz 

Rubber 

Water 

Mica 

Sealing wax 

Human body 

Sulphur 

Silk 

Moist materials 

Amber 

Glass 

Flames 

Ebonite 

Porcelain 


Some materials such as wood and cotton are in an intermediate 
position, their conducting effects depending upon the amount 
of moisture on the surface, or in their fibers or cells. They may be 
described as bad conductors and poor insulators. Such bodies, 
for example, as trees, are often struck and damaged by lightning. 

255. Proof Plane. It is convenient to make a “proof plane” 
consisting of a rod of ebonite with a small flat disk of metal, one or 
two centimeters in diameter, at right angles to the rod. This metal 
plane may be placed on a charged metal surface and it is thus 
possible to transfer a “sample” of the electricity from the metal to 
the uncharged electroscope by contact. The extent of divergence 
of the leaves gives some idea of the magnitude of the charge at the 
place under investigation on the metal body; and by comparison 
with a definitely charged small ebonite rod, it is easy to test the 
“sign” of the charge on the proof plane, and to find whether the 
electricity on the original metal surface was positive or negative. 

256. Equality of Separation. It will next be shown that: 

Equal amounts , or charges, of the two different types of electricity are 
always produced together, whatever the physical agency . 

If an “ice-pail,” so called because Faraday (1791-1867) used for 
his experiments the small pails in which he sometimes kept ice, 
is placed on the upper plate of an electroscope and inside the pail 
a plate of ebonite and a piece of fur on an insulating handle are 
rubbed together, the leaves do not diverge unless one or other of the 
electrified bodies is removed, and they collapse when both are re¬ 
stored. Precisely equal quantities of positive and negative elec¬ 
tricities were therefore separated by friction on the two bodies. 
Faraday by sundry experiments established and generalized this 
important relation. Electricity is never made or generated, it is 
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always separated. Any uncharged body may be supposed to con¬ 
tain equal quantities of positive electrical atoms, or protons, and of 
negative electrical atoms, or electrons. Thus when ebonite is 
stroked with fur, some of the electrons leave the fur an’d attach them¬ 
selves to the ebonite, so that the fur is deficient of electrons but has 
a relative excess of protons, and it is positively charged. In solid 
bodies the protons appear to be immobile, so that a negative charge 
is due to an excess, a positive charge to a defect, of electrons. Only 
experiment can decide which of two substances rubbed together 
will acquire the negative charge. 

257. Coulomb’s Torsion Balance and the Law of Inverse Squares. 

Hitherto our study of electrostatics has been qualitative or descrip¬ 
tive. It is now necessary to consider how 
this subject became quantitative and 
therefore an exact science, through the 
work of Coulomb (1736-1806), Cavendish 
(1731-1810), Faraday, Maxwell (1831— 
1879), and others. 

Coulomb used a torsion balance (Fig. 
290) somewhat similar to that described in 
magnetism (Sect. 233). A thin horizontal 
beam of glass, on the ends of which were 
light gilt balls of pith, was suspended in a 
cylinder of glass by a fine thread from a 
torsion head. One of these balls was 
charged, while a second similar charged 
ball was introduced so as to repel the former 
with a horizontal force. The torsion head 
was then turned through a measured angle so as to force the beam 
back through a measured distance. With infinite pains Coulomb 
was able to determine a law, resembling that of Newton’s law of 
gravitation. 

j A quantity of electricity q repels another quantity q' of the same type of 
electricity, at a distance r from it, with a force F proportional to qq'/r 2 . 

He found that unlike charges attracted according to a similar law. 
It is now possible to state that, in air nearly, and in a vacuum 
exactly, F = cqq'/r 2 , where c is some constant of proportionality. 
But the reader will justly ask what is a quantity of electricity. 
What electricity is we do not know, but it is possible to define a unit 



Fig. 290. — Coulomb’s Torsion 
Balance 
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and to measure a quantity. In order to get rid of the unnecessary 
constant c in the relation F = cqq'/r 2 , let unit quantity be defined 
repels, with a force of 1 dyne, an equal unit quantity at a 
ihce of l cm. in a vacuum. Thus putting F, q, q', and r all unity, 
it is clear that c is unity also, and F = qq'/r 2 . To define a quantity 
q it is only necessary to add that q units repel unit quantity as above 
defined, at a distance of 1 cm., in a vacuum, with a force of q dynes. 

Example. Small spheres having charges of 10 and 20 units, 5 cm. apart, 
will repel one another with a force of (10 X 20) /5 2 , or 8 dynes. 

258. Induction. Consider a negatively charged metal sphere A 
on a glass support (Fig. 291), and at a few centimeters from it, an 
uncharged insulated cylinder B with rounded ends. On removing 
with a proof plane from that end of the cylinder which is nearer 
the sphere a sample of electricity, and testing it with an electro¬ 
scope, it will be found to be positive. A sample from the other end 
of the. cylinder will be negative, 
described as due to induction. 

Some of the electricity, or the 
electrons of the cylinder, has been 
driven away or repelled by the 
electrons on the sphere. In fact 
l ike e lectricities tend to repel one 
another, unlike electricities tend to 
attract one another, just as do 
charged bodies. If now the cylin¬ 
der is touched anywhere with the 
finger the negative electricity will be driven yet farther away and pass 
through the conducting human body to the earth, so that the cylinder 
has a positive (+) charge upon it. This may be shown by removing 
the sphere A and then, with a proof plane, testing the nature of the 
charge at any point on the cylinder B. It will be positive, and the 
cylinder is said to have been charged by induction. In old-fashioned 
language, the positive electricity "(Fig. 29l) was said to be “bound/ 7 
that is, attracted, while the negative was stated to be “free/ 7 that is, 
repelled and ready to escape, if opportunity offers. It is possible to 
repeat the above experiments with a complete reversal of signs, 
beginning with a positive charge on A and obtaining a final negative 
charge on B. 

An instructive experiment on induction can be carried out as fol- 


This separation of electricity is 

Metal Sphere Metal Cylinder 
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Fig. 292 


lows. Let A , B , and (7 be three metal spheres, insulated on glass 
supports, and let A alone be given a charge, say negative. Bring 
up B and C, both uncharged, and place them as shown in Fig. 292, 
side by side, and touching each other. It has 
r?^V_ already been stated that B acquires positive 

and C negative electricity by induction. On 
1 T separating these two bodies it is easy to verify 
— ^ Fig 'tcp / ^ ~~~ with an electroscope the charges on each, 
namely B positive and C negative. It is now 
possible to understand why a small, light, conducting body at the 
end of a silk thread is first attracted and on contact repelled vigor¬ 
ously from an electrified rod (Fig. 293). The positive sphere A 
renders the near side of the small ball B , negative, the far side positive. 
So there is more attraction of the nearer negative, than repulsion of 

the more remote positive _^ ^ . 

electricity. As soon, how- L lk /,'! jlL ilk 

ever, as close contact '\V\\ Thread 

occurs the negative elec- f A "' "^7?^ | A jjK 

tricity on the ball is neu- WgggPA '// 

tralized by positive from \\\ /// 

the sphere and it is then a Vi'ii 1 !; 

case of repulsion between 

two positively charged Fig 293 

bodies. The student can 


11 MU 
11 i i\gii k 

/ / / \ \ \ \Thread 

vvm. 


Fig. 293 


at once explain why a sheet of paper, well rubbed with fur, will adhere 
for some minutes to a vertical nonconducting wall, and why this ex¬ 
periment is so easy during a dry winter, and impossible during a 
moist summer. Furthermore it is possible to understand “electric 
chimes” with two brass gongs, the one positive and the other nega¬ 
tive, struck vigorously in turn by a brass ball on silk thread which 
oscillates to and fro and produces the notes from the gongs. This 
too is a simple case of induction. 

A study of Fig. 294 will show that given a metal ball, with a 
+ charge (a), it is possible by lowering it into a pail on an electro¬ 
scope to give that + charge to the pail by contact (6), and on re¬ 
moving the ball to prove that it is no longer charged ( c ). 

An alternative plan is to lower the + ball into the pail taking 
care that they do not touch one another ( d ). If the pail is momen¬ 
tarily connected to the earth with wire, or a finger, the “free” + 
charge will disappear, or be neutralized by electrons from the earth, 
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and on removing the ball it will have its original + 
charge while the pail and gold leaf system has now a 
— charge equal in magnitude but opposite in sign to 
that on the ball (c). In this case the charge is said 
to be given by induction. 

259. To Charge an Electroscope. The simplest 
way to charge an electroscope is to rub an ebonite 
rod slightly with fur, or on the hair of the head, and 
then to stroke the top edge of the disk of the electro¬ 
scope with the rod. Care is needed not to use too 
large a charge or the gold leaves may be violently 
torn off, and they are by no means easy to replace. 
With a glass rod, excited with silk by friction, the 
electroscope may similarly be charged positively. 

Another way of charging an electroscope by induc¬ 
tion is as follows. An ebonite rod with a negative 
charge may be moved towards the electroscope, and 
held still when the gold leaves diverge to any desired 
extent, so that some of the electrons on the central 
insulated system are under repulsion and tend to 
escape; and indeed they will do so, if the disk is 
touched with the finger, so that the “free” electrons 
pass through the body to the earth. The leaves are 
then seen to be closed. On removing the ebonite rod 
far from the electroscope, it will be noted that the 
leaves open again to the same extent as at first, but 
the whole central system has now a positive charge, 
because negative electricity, as electrons, passed from 
it to the earth. It is hardly necessary to add that 
with a positively charged glass rod it is possible to 
give the electroscope a negative charge by induction, 
and in this case on touching the electroscope, the 
electrons pass to it from the earth. 

260. To Prove that a Charge Resides on the Out¬ 
side of a Conductor. Give a charge, positive or neg¬ 
ative, to an insulated metal sphere, Fig. 295 (a), 
which has an opening at the top. Insert a proof 
plane into the hole and touch the side or bottom 
within the hollow body, then on withdrawing the 
proof plane carefully, so as not to touch the edges 


+ 

+ 

+ 
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of the hole, it will be found to have no charge upon it as tested with 
an electroscope. A similar test with the proof plane applied to 
the outside of the sphere will quickly show that it has a charge, 
which is distributed wholly over the outside of a conductor. 

An alternative experiment, Fig. 295 (6), is to charge an insulated 
sphere A, and to fit onto it snugly two hemispherical cups, B, B , 
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with glass handles C, C. On withdrawing the two cups, carefully 
and together, they can be shown to be charged, while the sphere has 
lost its electricity to the outer cups. 

Faraday himself went inside a metal box on an insulating stand, 
Fig. 295 (c), and failed to find any charge inside this closed conductor 
(qnless of course he produced it himself within the box), although 
long sparks were given to the box from an electrical machine. A 
similar experiment can be shown by placing a metal wire paper basket 
over an electroscope, which remains unaffected within when electric 
sparks are passing to the basket from without. 

261. Distribution of Electricity. In the case of an insulated 
charged sphere, well removed from other bodies, it is easy to show, 

with a proof plane and electroscope, 
that the charge is uniformly distrib- 
) utec * over sur ^ ace 7 296 (a); 

it is then said that the surface- 
ss density, or charge per square centi- 

meter of surface, is constant. Such 
(6) is not the case with an egg-shaped 

Fig. 296 body, Fig. 296 ( b ); for a proof plane 

touched at A, B, and C in succession, 
and tested with an electroscope, will show that the surface density 
is greatest at A, where the curvature is greatest, and least at C where 
the surface is least curved. The distribution or surface density is 
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Needle 



Candle „„ 

JJLESa 

machine 

(a) 

Fig. 297 



(b) 


indicated, in an exaggerated manner, by the dotted lines surrounding 
the metal conductors in the diagram. 

262. Points and Point Discharge. Since a point is a region of very 
high curvature it may be expected that a large part of the charge 
on a conductor will assemble 
at a point. Indeed this is 
found to be the case to such 
an extent that electricity 
actually leaves the point and 
enters the air, causing there¬ 
by a u point discharge,” 
which is readily seen by 
placing a lighted candle in front of the point. The flame will be 
blown aside and may be extinguished, Fig. 297 (a). A striking 
experiment can be made with an electric whirligig, when four sharp 
needle points, Fig. 297 (6), are fastened to form metal arms joined 
to a metal cap, pivoted on an insulated upright metal rod. On 
connecting to an electrical machine the whirligig rotates rapidly, 
for the points are driven backwards by the electrical discharge. It 
is a case of action and reaction being equal and opposite, and we have 
to inquire carefully what is the nature of the discharge. Long 
investigation leads to the important conclusion that it is charged air 
molecules which leave the points and constitute the point discharge. 
The neutral, or uncharged molecules of air, whether nitrogen or oxy¬ 
gen, and sometimes dust particles, are first attracted to the point 
where they receive the type of charge at the point and are therefore 
violently repelled. The mass of one such molecule is insignificant, 
but the number of charged and repelled molecules is so great that a 
definite electric wind is produced consisting of these charged mole¬ 
cules, or ions, as they are called. Positive ions leave a positively 
charged point, negative ions leave a negatively charged point. 
These gaseous ions play an important role in Nature and in labora¬ 
tory experiments. A flame is conducting, because of the vast num¬ 
ber of ions it contains. It is for this reason that a brief passage 
through the flame of a Bunsen burner is often used to remove com¬ 
pletely any electrification on a surface. Hold a lighted match, Fig. 
298 (a), a few inches above a charged electroscope, and the ions will be 
pulled down out of the flame, which itself is going upwards. If the 
electroscope is positively charged, negative ions will be pulled down 
from the flame, and conversely. So, too, with a thunder cloud, 
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Fig. 298 (&), formed by a great uprush of heated air; it is found that, 
in general, there is a great excess of positive ions at the upper part 
of the cloud, and a great excess of negative ions in the lower part of 
the cloud. This condition continues to develop until lightning, a 
spark many thousand feet long, relieves the electric pressure, which, 
however, is soon built up again, so that more lightning occurs. 

The lightning from the cloud, 
if it passes to earth, and not, 
as often happens, to a neigh¬ 
boring charged cloud, is apt to 
strike a conductor on or near 
the earth, it may be a tall tree, 
a barn, a wire fence, or tele¬ 
graph or power wires. Hence 
a person should avoid trees and 
wire fences, or holding up a steel-shafted umbrella in the open during 
a thunderstorm. Buildings may be protected by the use of light¬ 
ning rods, consisting of sharp-pointed copper rods well connected 
by iron or copper conductors to a good “earth” consisting of water 
pipes in the ground, or of metal plates or damp coke buried under¬ 
ground. These rods constantly discharge, during a thunderstorm, 
a copious supply of ions from the points connected to the ground, 
and so tend to neutralize the excess electric charge overhead. Hence 
the rods are seldom struck and they materially protect the building 
in their immediate neighborhood. Several rods are needed for a 
large building. It must be remembered that a defective rod, with 
a break or bad “earth” is worse than useless; it is an invitation for 
a destructive discharge. 

263. Electrophorus. (“Bearer” of electricity.) It has already 
been explained (Fig. 291) that if there is one insulated and charged 
conductor A, and if there is placed near it another insulated body B, 
then at opposite ends of B there will be the two different types of 
electricity in equal amounts, and that which is farther from A can 
be removed or neutralized by temporary connection with earth. 
If the two bodies A and B are then separated (and work must be 
done in this separation) then B has received a charge by induction. 
This may be repeated time after time, without loss of charge to A. 
The same principle is used in the electrophorus (Fig. 299). A large 
plane disk of ebonite is placed on the table and charged negatively 
by striking it vigorously with a catskin. No reason has been ad- 
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vanced as yet as to why the electrons leave the fur and prefer the 
ebonite. It is an unexplained fact. A flat metal disk with insulated 
handle is next placed on the ebonite, resting on it at a few points. 
The lower part of the metal is posi¬ 
tively charged by induction, while 
the electrons are driven to the top. 

(It should be remembered that the 
protons are not mobile, the electrons 
alone are free to move.) Touch the 
metal disk and the free electrons go 
to earth, leaving the disk with a 
positive charge. This process can 
be repeated as often as desired and 
the continuous supply of electrical 
energy is derived from the mechan¬ 
ical work done in pulling the positive disk away from the negative 
ebonite. The electrophorus is useful in experimental work, but ap¬ 
paratus giving a more continuous supply of electricity is desirable. 

264. Electrical Machines. In the eighteenth and early nineteenth 
centuries frictional machines were used to give electricity, but these 
have gone out of use. A glass cylinder or plate, rotated by a crank, 

Spark Spark 


Front Back 

as seen through 
glass of front 

Fig. 300. — Diagram of Wimshurst Influence Machine 

was rubbed by a silk covering often coated inside with a mercury 
amalgam to make it conducting. The positive charge was collected 
by a “rake” of fine points close to the glass, while the negative elec¬ 
tricity from the silk was led to the other prime conductor. 

Today various types of “influence” or “induction” machines are 
used, particularly that due to Wimshurst. This consists of two 
plates of glass (Figs. 300 and 301) revolved side by side in opposite 
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directions by means of suitable crank and belts. On the outer sides 
of the glass plates are fastened a number of separate strips of metal. 
Two insulated metal arms, ending in metal brushes, are placed at 
right angles to each other so as to touch the metal strips as they pass. 
The prime collectors are furnished with rakes of fine points to collect 
charges from the rotating strips. 

The action of the Wimshurst is as follows. The apparatus must 
be clean, dry, and free from dust. There is generally enough elec¬ 
tricity already present to start the apparatus effectively, but, if not, 
hold a catskin against either plate and give a few turns by means of 



Fig. 301. — Wimshurst Influence Machine 


the handle of the crank. There is a right and a wrong way to rotate 
the plates, and the correct way is shown in Fig. 300. 

Suppose that the metal strip A has a small positive charge. Then 
the strip 1B, exactly opposite, but on the back of the other plate, will 
have its electrons attracted towards A and when the metal cross¬ 
piece, or arm, touches B a current of electrons will pass from the 
center to B , which will thereafter, being insulated, move on to give 
this excess negative charge to the prime conductor I. So, too, the 
strip D on the other glass plate will have positive “bound” and 
negative “free,” so that when D is in contact with the brush of a 
metal crossarm, there will be a flow of electrons towards the center, 
and D, deficient of electrons, will pass on with a positive charge, 
and thus render prime conductor II more positively charged by re- 
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moving electrons from it. The number of electrons moving to and 
from the center are equal. The diagram is so -lettered that the 


description as given applies 
equally well to the upper or lower 
parts of the two glass plates. 
Positive charges carried onwards 
by metal strips such as A are 
collected by prime conductor II, 
while metal strips such as C give 
their negative charges to I. The 
two arms P, P terminate in well 
polished brass knobs and it is 
possible to obtain sparks 4 to 6 
inches long between them. 

Van de Graafs Electrostatic 
Generator, Fig. 302 (a), consists 
of two hollow, well-insulated, 
metal spheres, to the interiors of 
which two motor-driven, long ; 
broad, silk or paper belts convey 
respectively continual supplies of 
positive and negative electricities. 
Here as elsewhere these words 



Fig. 302 (a).— Van de Graafs Electro¬ 
static Generator 


when applied to conductors in¬ 
dicate defect or excess of elec¬ 
trons. These charges, picked 
up by brushes within the 
spheres, pass to the outsides, 
and the operators can therefore 
safely work in the spheres, as 
Faraday did in his box. Notice 
in the diagram that not only 
does the positive charge ascend 
by the left belt, Fig. 302 (6), 
but by induction and point dis- 
Earth— charge the negative charge de- 

Fig. 302 (6). — Diagram of Van de Graafs SCends on the other side of 
Electrostatic Generator the same belt, thus doubling 

Physical Review, 43 149 (1933) ^ geveral 

belts may act as conveyers to the same hollow sphere. Instead of 
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two spheres one only may be used, and it is not necessary to have 
the +10,000 volts as indicated in the figure, for, as with the 
Wimshurst, there is usually sufficient residual electricity to start the 
apparatus. The belts may travel at a mile a minute each, and be¬ 
tween the two spheres there may be several million volts, with con¬ 
sequent long sparks. 

265. Brush Discharge and Sparks. Frequently a crackling or hiss¬ 
ing sound is heard due to a “brush” discharge from various fine 
points of a Wimshurst, and the lost electricity is doubtless carried off 
by charged molecules or ions in the air. A similar discharge called 
“corona” occurs from high voltage lines. In the case of a spark 
the electric force is so great that the ions acquire high velocities 
and on striking other atoms break them up by removing their 
outer electrons. Thus more ions are rapidly produced by those 
already in existence, and this ionization by collision is capable of 
carrying a large amount of electricity in an area of small cross section, 
as in the case of a spark, or of lightning. It was Franklin (1706-1791) 
who showed the identity of lightning with the electric spark of the 
laboratory, using a kite and wet string to obtain electricity from the 
clouds; an experiment to be repeated only with caution. Faraday 
took great pains to prove that the electricity produced by friction or 
by induction had the same properties as that produced by a battery, 
so that both, as we shall see, can heat a fine wire, deflect a magnetic 
needle, and break up acidulated water into oxygen and hydrogen. 
Men and animals in various ways are capable of generating small 
currents of electricity, while certain river and marine creatures 
particularly the electric eel and the ray torpedo have specialized in 
the direction of giving powerful electric shocks to their victims. 
(See Faraday’s Experimental Researches } Vol. II, Series 15, and 
Humboldt’s Personal Narratives , Chap. 17.) 

266. Potential. The word potential has a most exact mathe¬ 
matical and physical meaning. In electrostatics the potential Va at 
a point A is the work done in ergs in bringing up unit positive ch arge to 
that point from a great distance . If such unit charge is brought to 
a point close to a positively charged conductor then the work done 
is positive and the potential is positive; near a negatively charged 
conductor the potential at a point is negative. 

potential between two points A and B, namely Vb-Va, is the work done 
in er gs in moving unit positive charge from A to B. This difference 
in potential is positive if you have to force the unit charge to go 
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from A to B; otherwise, if the force tends to pull the charge from 
A to B, then the difference of potential is negative. 

The difference of potential between A and B is independent of the 
path from A to B; for suppose more work is done by route I than 
by route II, then by the round trip you could gain or obtain an excess 
of work, contrary to the Principle of the Conservation of Energy. 

It is desirable to obtain a clear conception of potential apart from 
formal definition and mathematics. In the first place the more 
positive electricity you give to a positively charged conductor the 
more difficult it is to bring up a further unit charge to that body, in 
other words the higher does its positive potential become. Con¬ 
versely with a negatively charged conductor, the higher (numerically) 
the charge, the greater (numerically) is the potential, but in this 
case the potential is negative. 

Thus if the potentials at A and B are as stated in columns one and 
two then the difference of potentials between A and B are given in 
column three. 


V A 

75 

Vb-Va 

12 

20 

8 

-5 

-20 

-15 

14 

-20 

-34 

-6 

20 

26 

40 

8 

-32 

—30 

-10 

20 


Whenever an insulated body is a good conductor the whole of the 
exterior and interior of that body swiftly reaches the same potential. 

It is convenient to consider the earth, which is a large body, as 
having zero potential. If negative electricity, as electrons or ions, 
tend to leave a body A, and go to the earth, then A is said to have 
negative potential. If negative electricity tends to leave the earth 
and go to a body B , then B is said to have a positive potential. In 
somewhat the same way both the heights of mountains and the 
depths of mines may be referred to sea level, and stated in feet for 
instance, with a + or — prefixed. 

There is a useful analogy between heat, hydrostatics, and elec¬ 
tricity. 


Heat 

Temperature 
Quantity 
Flow of heat 


Hydeo statics 
Head or pressure 
Amount 
Flow of water 


Electeicity 

Potential 

Quantity, or charge 
Flow, or current 
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Just as heat tends to pass from high to low temperature regions; 
as water from high to low pressure; so does positive electricity, tend 
to pass from algebraically high to lower'potential, and negative elec¬ 
tricity in the reverse direction. 

IFTFhecessary to understand that a body may have zero charge, 
as a whole, and yet have a definite potential, as in the case of the cylin¬ 
der B in Fig. 291. The cylinder has received no charge, but elec¬ 
trons are driven to the right, and tend to escape to the earth. The 
conductor B has therefore negative potential. If a positively charged 
rod is brought near a gold leaf electroscope, the electrons are at¬ 
tracted to the positive rod, and the far part of the gold leaf system is 
deficient in electrons; these tend to pass from the earth to the system, 
which has therefore a positive potential. It thus becomes clear that 
an electroscope is an instrument which may indicate potential , 
either positive or negative, and indeed it can be calibrated so as to 
indicate the magnitude of the potential in any desired units such as 
volts. This is done by comparing the inclination of one or both 
leaves with a suitable scale, which may be in the eyepiece of an 
observing telescope. 

267. Potential Measurement. It is now possible to evaluate with 
precision the potential at a point. 

Consider the potential at a distance r from a small sphere, isolated 
in space, on which the charge is q. The potential is q/r and the 

following is an easy proof. Let q be 
the charge on the sphere (Fig. 303), 
p q r s t cen ter C ; then forces on unit charge due 
to q are, by Coulomb's law, at P, 
(q X 1)/CP 2 ; at Q, q/CQ>; at R, q/CR\ 
and so on. The average forces between 
these points may be written, if P, Q, P, 
etc., are close together, as nearly q/(CP X CQ), q/(CQ X CR ), 
q/(CR X C/S), and so on. 

Now work is measured by force X distance in the direction of the 
force, hence 

the work done from Q to P <jp x qq ( c Q “ CP) 

„JL _ g_ 

” CP CQ 

and the work from R to Q = •— — — 
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and from 8 to R ^ ^ 

and so on for a vast number of terms. 

Add all these together, and the work done from a very great dis¬ 
tance, until arrival at P, equals q/CP, because the last term, for a 
great distance, will vanish. 

Hence the potential v at a distance r from a charge q is v = q/r, where r 
is in centimeters, q and v in electrostatic units (e.s.u.), as throughout this 
part of electricity.. 

Unit potential exists at a point when one erg of work would he done 
up unit charge to that point from a very great distance , or 

infinity . 

The potential at a point distant r from the center of a sphere with 
charge q is q/r, and at a distance r' is q/r', and the refore the, differ ence 
of potential is q/r — q/r', all measured as^work in ergs per unit;,. 
cTEarge,} and therefore scalar quantities, not vectors/and added by 
algebra, not by any parallelogram law. If q is 10, if r and r' are 5 and 
20, then the difference of potential is 2 — § or 1.5 ergs per unit charge. 
An equipotential line, or surface, is sucE”that "all points upon it are 
at the same potential. 

268. Lines of Force. Just as in the case of magnetism, Faraday 
found it useful in electrostatics to introduce the idea of lines of force, 
which are imaginary lines in space showing at every point the direc¬ 
tion in which a small positively charged body would tend to move. 
It is easy to trace these lines in space with a diamond-shaped piece 
of slightly moist paper, pivoted on a fine glass stem. This piece of 
paper, if not too long, will set itself along a line of force because the 
end nearer A will have by induction a positive charge, and the end 
nearer B a negative charge (Fig. 291). On tracing these lines in 
space it will be found: 

1. The lines enter and leave both surfaces at right angles. 

2. Lines leave a positive body and go to a negative body, and it is 
convenient to have the number of lines always proportional to the 
magnitude of the charge. 

3. No two lines can pass through the same point. 

4. Those which leave the far sides of A and B pass, on and on, to . 
distant conductors, the walls, roofs, earth, etc. 

5. The introduction of a thin glass plate at any place makes little 
difference to the position and distribution of the lines. 
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6. The approach of a metal plate in any position will profoundly 
modify the directions of the lines, because of charges induced upon 
the metal plate. 

Figures 304 and 305 are copies, published by permission of the 
Clarendon Press, of the lines carefully drawn by Maxwell (1831- 
1879) in his famous treatise on Electricity and Magnetism (1872), 
and it will be noted that the number of lines leaving each sphere is 



Pig. 304. — Lines of Force and Fig. 305. — Lines of Force and 
Equipotential Surfaces. A = 20. Equipotential Surfaces. A = 20. 

B — -5. P, Point of Equilib- B = 5. P, Point of Equilibrium, 

rium. AP = 2 AB. Q, Spheri- AP = | AB . 

eal Surface of Zero potential. M, 

Point of Maximum Force along 
the Axis. The dotted line is the 
Line of Force ^ = 0.1. 

proportional to the magnitude of the charge on that sphere. The 
lines drawn at right angles to the lines of force are the lines of equal 
potential. The work done in bringing up a definite charge from the 
earth to any point on one of these lines is constant. To get a proper 
appreciation of each diagram it is necessary to imagine it rotated 
about a line through the centers of A and B as axis, the equipotential 
lines thus generating equipotential surfaces. 

Faraday regarded the lines or tubes of force as “realities” in space 
having tensions along their lengths, like stretched rubber bands, but 
having also lateral or sideway pressures on each other which pre- 
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vented them from collapsing. In the left diagram (Fig. 304) you 
can imagine the lines of force tending to drag A and B together by 
their tension thus giving attraction, and in Fig. 305, the lateral 
pressures of the lines, or tubes, tend to push them, and therefore the 
bodies A and B apart, so that there is repulsion. 

269. The Leyden Jar. In 1746 a great discovery was accidentally 
made at the city of Leyden. The intent was to fill with electricity 
a glass globe full of water, held in the hands. The electricity passed 
to the water by a metal chain hanging from the prime conductor of 
a powerful frictional electrical machine. On taking hold of the 
chain in order to remove it, the man with the bowl received a shock 
which he declared that he would not repeat “for all the crowns of 
Europe.” After investigation the 
cause was discovered, and the 
famous Leyden jar or condenser was 
the outcome. The description of its 
action will explain also the incident 
of its discovery. In its present form 
a glass jar (Fig. 306) is covered, 
within and without, with lead foil 
over the base and for the greater 
part of its height. At the top is a 
wooden cover holding up a brass 
rod, with a polished brass knob at 
the top, and with a wire or chain at 
the lower end making good contact with the inner layer of foil. If the 
outer coating is connected to earth, and successive charges are given to 
the inner coating by means of the knob, it can be shown by the help of 
an electroscope connected to the knob that as the^ char ge in creases 
the potential increases in proportion . Its capacity is the ratio of 
these two, that is of charge to potential, and is constant for a given 
jar. As more and more electrical charge is given to the jar the po¬ 
tential grows continually higher until either the glass (2 or 3 mm. 
thick) is ruptured by a spark, or a brush discharge takes place over 
the top of the glass from one lead foil to the other. 

If a Leyden jar is well charged it is prudent to discharge it with a 
pair of metal tongs having a glass handle, as the spark may be three- 
quarters of an inch long and of rather a stout character, indicating 
that a considerable quantity of electricity passes from one coat to 
the other. The electricity on one side of the glass powerfully at- 
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tracts the opposite kind of charge on the other side. But the tongs 
give a ready path for the charges to combine and neutralize. If 
the charged jar is disconnected from the earth and placed on a block 
of solid paraffin or other insulator, it is possible to touch first the knob, 
then the outer coating with impunity; and yet, after repeating this 
times, on using the tongs to connect the two lead foil coatings 
together a “fat” spark results! The discovery at Leyden is now un¬ 
derstandable. The moist hand beneath was the outer conductor, the 
water within was the other conductor; the glass of the bowl was the in- 
sulator; when the chain hanging in the water was touched, the charges 
stored in the two conductors passed through the body of the man who 
held the globe with one hand and touched the chain with the other. 

270. Capacitance or Capacity. A condenser, such as a Leyden jar, 
consi sts of two conductor s with a nonconductor, insulator or d ielec¬ 
tric ^ separati ng the conductors. "Suppose that one conductor A is 
connected to the earth, so that it has zero potential, and let a charge 
-\-q be given to the other insulated conductor B . Then a charge 
— g will be induced upon A. Moreover B will have a potential v 
different from that of A. Experiments show that the ratio of units 
of charge to units of potential has a constant value denoted by c 
and called the capacitance of the condenser, in factfc" ~ Of 
course q — cv, v = q/c are equivalent statements. More~generally, 
if +g is the charge on A, — q the charge on B, the potential of A, 
v 2 the potential of B ) and c is the capacitance, 

q = c (vi - v 2 ) , 

In brief it may be stated that the capacitance of a condenser is the 
ratio of the charge, or quantity, to the difference of potential be¬ 
tween its conductors. Here the capacity c is in electrostatic units, 
denoted by e.s.u. This constancy, of q to v , presupposes that there 
is no puncture of the dielectric, nor surface leakage, nor discharge 
from points. The proportionate increase of v with q can be shown 
with a Leyden jar whose outer coating is connected by a wire to a 
gas pipe or water pipe which gives a good “ground” or “earth,” 
while the inner coating is connected by another wire to a calibrated 
electroscope. On using an electrophorus, lightly charged, to give 
equal increments of charge g, corresponding equal increments of 
potential will be observed. A conden ser has unit, capacity when 
imi^^ gives unit difference of potential between the 

two conductors; all in electrostatic units (e.s.u.) 
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In the case of a sphere, charge +q, radius a, the potential v just 
at the surface can be proved to be +q/a. But the capacity of 
such an isolated sphere, the rest of the universe being the outer 
conductor, is defined as q/v or q divided by q/a. Hence the capacity 
of an jsolated s phere in a vacuum is a. The word capacitance today 
frequently replaces the older word capacity. 

271. Condensers. For convenience the various forms of con¬ 
densers are here summarized: 

(1) 


( 2 ) 


(3) 

(4) 


The Leyden jar comes approximately under case 3, namely, two • 
parallel plates. So too do the many types of condensers used in 
connection with radio, where sheets of metal foil are separated by 
mica, or oiled paper, so that large areas are obtained with but a small 
distance of separation. For condensers of smaller capacity a num¬ 
ber of metal plates, with alternate plates connected together, are 
separated by air as a dielectric, and by rotation of one set of plates 
between the other set, the effective area A can be regulated, so as 
to have a variable condenser. 

272. Joint Capacities in Parallel and Series. If a number of jars 
or condensers, Fig. 307 (a) (f>), have one set of outer conductors all 


An. ere of radius a 

If q is the charge, then the potential v, just on the surface, is 
q/a. Hence the capacity is q/v = q/{q/a ) = a e.s.u. Hence 
the capacitance of a sphere, expressed iit e.s.u., is measured 
by the radius of the sphere in centimeters. A sphere of 
10 cm. radius has a capacitance of 10 e.s.u., not 10 cmf 
Two conc entric spheres, the outer conductor earthed, radii a 
and 

It can be proved that the potential difference v, for a 
vacuum, is 


o 

ab \ 
i - b} 


so that the capacity i c = ^ =. 

Two parallel plates, area A, distance apart d 
It can be proved that the capacity is A/4 rd 
Concentric cylinders, such as a cable, b the outer radius of the 
core, a the inner radius of the outer conductor 

It can be shown that the capacity (of length l) = —-—tt 

/ no 1 , n n 
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connected together, and the other set of inner conductors also con¬ 
nected together, then the result is merely a larger condenser. If 

ci, c 2 , Cz • • • be the capacities 
c dL of the separate condensers, 

then their joint capacity c, 
when connected together as 
above described in parallel, 
is given by 

: Ci + C2 + Cz 



-Q 

- 4. 

- 4 - 
-h 

- 4- 

- +■ 



” 4- 
- +■ 

— 4- 

- + 

^4 ^ 

(c) 

— + 



C 2 

(d) 

Fig. 307 


where S here as elsewhere 
indicates summation. 

If, however, the condens¬ 
ers were connected in series, 
or, as it is sometimes called, 
in cascade, so that the outer 
plate of one condenser is connected by a wire to the inner plate of the 
next, Fig. 307 (c) (d), then it can be proved that if c is the joint 
capacity of all the condensers whose separate capacities are 
c 2 , Cz • • • then c is given by thaxelation* 

/ f_i + i + i" N 

C Cl C2 Cz 

= s i 


273. Example. Find the joint capacity of condensers with capacities 
20, 30, and 60 electrostatic units (a) in parallel, (b) in series. 

(a) c = 20 + 30 + 60 = 110 e.s.u. 


on ‘ qo ~ an ho 


10 e.s.u. 


c 20 1 30 1 60 10 ; 

* In Fig. 307 (c) if q is the charge on one plate, —q will be the charge on the 
opposite plate; q and —q on the next pair, so that 

Q_ 

Cl 


q = ci(«i 
Q = 


• v 2 ), or 


1 Vi 


v 2 


or — : 


q = or 

If c is the capacity of the single equivalent condenser q/c = v 1 — v 4 . Hence by 
addition q/c . = q/a + q/c 2 + q/c s and dividing by q, no matter the number of 
condensers, 1/c = 2 1/c. 
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274. Dielectric Constant. Faraday studied, in particular, the 
case of two pairs of concentric spheres (Fig. 308) exactly equal in 
size, the one with air between 
the spheres, the other with 
various dielectrics, such as sul¬ 
phur, wax, etc., between the 
conductors. He was able to 
prove, with his wonted ingenu¬ 
ity, that the dielectric increased 
the capacity of the condenser 
by a factor K , called first the 
specific inductive capacity and 
today, the d ielectric constant. K for a given substance may be re¬ 
garded as a ratio, namely the ratio of the capacity of a condenser 
with that substance as dielectric’ as compared with the capacity of 
a similar and equal condenser with a vacuum as dielectric. The 
value of K for various materials is: 



Dielectric Constant K 


Vacuum. 1 

Air. 1.00058 

Paraffin wax. 2-2.3 

Quartz. 4.5 

Mica. 6-7 

Glass. 5-7 

Sulphur. 3.8 

Ebonite. 2.8 

Water (distilled). 80 


275. Polarization. Suppose that a slab of paraffin wax is placed 
close between two parallel metal plates the one with charge +q, and 
the other with charge — q, what is the electrical state of the particles, 
or molecules of wax? In a conductor electrons can move freely from 
a region of negative potential to one of positive potential. In a 
nonconductor, or dielectric, experiments suggest the theory that 
electrons are not free to move from place to place, but that they 
can be slightly displaced from their equilibrium position by a differ¬ 
ence of potential producing an electric force, or intensity, throughout 
the body of the dielectric. The displacement of electrons is relative 
to the positive elements of the atoms or molecules to which those 
electrons belong. The greater the electric intensity the greater the 
displacement. Such a state of affairs in the wax resembles a number 
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of springs obeying Hooke’s law, and is analogous to elasticity. 
There appear to be no free electrical elements, ions, or electrons 
which can move through large displacements in dielectrics. The 
state of small local displacement of electricities is called polarization, 
a word used in many different ways in physics. The difference of 
potential, for a given charge, is lessened by such an effect. Thus 
for a vacuum between the metal plates, q = cv, and if K is the dielec¬ 
tric constant of the wax, q = Kcv and as K is greater than unity, the 
voltage v f is less for the wax, than the voltage v for a vacuum. 

It is, however, more usual to reverse this viewpoint, and to fix v, 
the potential between the plates, in which case it is necessary to con¬ 
trast 

q' = Kcv for a dielectric, and q — cv for a vacuum 
Hence q' - Kq 

and a condenser with a large dielectric constant will hold more charge 
than a condenser of equal size with a small one, and both hold 
more than one with a vacuum as dielectric, all for a given potential 
difference. 

The increase is somewhat analogous to the case in magnetism when 
a magnetic intensity H will give rise to induction B, so that B is 
ixH where ^ is the permeability of the magnetic medium in question. 

It is now possible to restate the previous results as to capacity 
(Sect. 271), or capacitance, taking into consideration the effect of 
the dielectric: 

Force in dynes between two small charges, q , q' in material, dielectric 
constant K } distance r apart 


Potential v at distance r from q 7 dielectric constant K 



Capacity of sphere, radius a, surrounded with a medium of dielectric 
constant K f . 


Capacity of two concentric spheres, radii a and b 

/ Kab \ 
i c ~ a^b .. 
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Capacity of two parallel plates, area A, distance apart d 

X KA 
\ C 4iTd 

.... 

Capacity of two concentric cylinders, outer radius of core &, inner 
radius of outer conductor a 

_ Kl 
C 2 log* a/b 

all with dielectric separation, whose constant is K. In fact, when¬ 
ever a dielectric replaces a vacuum in a condenser the capacity is 
increased A-fold. If between two metal plates, the one earthed and 
the other connected with a charged electroscope, we introduce uni¬ 
form slabs of paraffin wax, glass, or mica in succession, the charge 
q is not altered but the capacity c is increased and therefore the 
potential v is decreased (for q = cv) and the leaves are seen to close 
partially. A slab of thickness t is equivalent to a thickness t/K of 
air, between the plates, and effectively brings the plates, as it were, 
closer together. 

276. The Energy of Charging a Condenser. The work done in 
charging a condenser with quantity q to a potential difference v is not 
qv, but i qVj or J cv 2 . Since v is the work done in bringing up unit 
'charge, it might be expected that the work done is q times v , but it is 
actually one-half of this. Consider a spiral spring and suppose that 
you gradually extend it until it is stretched an additional 3 inches, 
at which time your pull is 8 lb. wt. Is the work done \ X 8 or 
2 ft.-lb.? No! Your initial pull was practically nothing, your final 
pull was 8 lb. wt., and the average or mean pull was 4 lb. wt., so that 
the work done was J X 4, or 1 ft.-lb. So, too, with the Leyden jar, 
or condenser, at first the work in bringing up the electrical charge 
was small, and it became steadily greater up to a final value v ; the 
mean value was § v } and the whole work done was § qv, expressed in 
ergs. 

277. Units. In the preceding paragraphs electrostatic units have 
been used throughout for the sake of clarity. It is found convenient 
in many cases to use also the practical units particularly the volt 
for potential, the coulomb for quantity, and it will be found in due 
course that these are related to the electrostatic units (e.s.u.) as 
follow s: 

N. 1 volt = 3 Jo e.s.u. of potential 
. jj jl coulomb = 3 X 10 9 e.s.u. of quantity 
■j 1 farad = 9 X 10 11 e.s.u. of capacity 
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scale as reflected in the mirror and read by a telescope. This instru¬ 
ment may be calibrated in volts with a battery. 

it 280. Kelvin Electrometer. Lord Kelvin used a similar device but 
his needle was vertical and pivoted, and his sectors, which attracted 
the needle, were vertical and insulated. Attached to the needle 
was a pointer which indicated on a scale the voltage. There are 
many types of direct reading electrostatic voltmeters, the principles 
of which the student should now readily grasp when he sees them. 

PROBLEMS 

1 . What is the force between two small bodies with positive charges 
of 4 and 20 electrostatic units, 5 cm. apart? (Repulsive: 3.2 dynes) 

2 . What is the force when the charges are +4 and —10 and the 

distance apart is 10 cm.? (Attractive: 0.4 dyne) 

3 . Charges of 4 e.s.u. are at the four corners of a square, each side 
2 cm. Find the force on any one of them. 

(Along diagonal outwards; 2 + 4 \/2, or 7.66 dynes) 

4 . An equilateral triangle, sides 2 cm., has at the corners charges 4, 

4, -2. Find the force on the last. (2 y/Z - 3.46 dynes) 

5. Find the potential on the surface, also at a distance of 10 cm. from the 
center, in the case of a sphere charge 100 , radius 2 cm. 

(50 and 10 e.s.u. of potential) 

6 . Find the work done in ergs in moving unit charge from 10 cm. to 
5 cm. distance from the center of a sphere whose charge is 100 e.s.u. 

(10 ergs) 

7. Find the capacity of a sphere whose radius is 20 cm. 

(20 e.s.u. capacity) 

8 . Find the capacity of an air condenser, consisting of concentric 

spherical shells of radii 10 and 12 cm., with the outer spherical shell 
grounded. (60 e.s.u. capacity) 

9. What is the above capacity if a substance, dielectric constant 5, 

is substituted for air? (300 e.s.u. capacity) 

+ 10 . What is the capacity of a plate condenser area 240 sq. cm., 0.5 mm. 
apart, (1) with air as dielectric; ( 2 ) with mica as dielectric; K = 6 . 

( 1200 /tt or 382; 2292 e.s.u.) 

11 . Find approximately the capacity of a Leyden jar, base 20 cm. in 
diameter, height of foil 36 cm.; glass 2 mm. thick, dielectric constant 7. 

(Capacity is KA/4. rd; A — tt 2 + 2 ir rh. Capacity = 7175 e.s.u.) 

12 . One hundred sheets of tinfoil each 30 by 20 cm. are separated by 
99 sheets of paraffined paper, 0.2 mm. thick, K = 4; find the capacity if 
alternate sheets of foil are joined. 

(A = 99 X 30 X 20 cm. 2 ; capacity 2,970,000/+ = 945,600 e.s.u.) 
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13 . Express the capacity of a sphere radius 9 cm. in micro-microfarads. 

(10/imF) 

14 . In a gold leaf electroscope 10 scale divisions denote 28 volts; 

100 divisions, 234 volts. What does 53 divisions denote, if a linear 
relation holds? (126 volts) 

v 15 . The capacity of a condenser is 100 e.s.u., the potentials on the 
plates are +50, and +350 e.s.u., what is the charge? 

(q — c(v i — v 2 ) — 30,000 e.s.u.) 

16 . What is the joint capacity of 20, 30, 40 microfarads in parallel? 

(90 m F) 

17 . What is the joint capacity of 20, 30, 40 microfarads in series, or 

“cascade”? (9.23 acF) 

18 . What charge is necessary to raise a condenser, capacity 12 M F 

to 1500 volts? (0.018 coulomb, or 18 mC) 

19 . Express 15 e.s.u. of potential in volts. (4500 volts) 

^ 20. Find, in joules and in ergs, the work necessary to charge 45 juF 
to 120 volts. (0.324 joule; 3.24 X 10 6 ergs) 

21. What would be the energy in joules, and in foot-pounds, conveyed 
by a lightning flash, charge 20 coulomb, potential 10 9 volt? How high 
would this energy raise a 40,000 ton ship? 

(10 10 joules; 7.37 X 10 9 ft.-lb.; 92 ft.) 



CHAPTER XII 

CURRENT ELECTRICITY — PART I 

281. General Properties. Today everyone is familiar with the use 
of an electric current produced either by batteries or, more often, 
by generators driven by water or steam turbines. It will be noted 
that electrical energy is usually derived either from chemical energy 
in a battery, or from mechanical energy, when the generator is 
turned by moving water or steam. 

Experience shows that an electric current can do at least four 
fundamental things: 

1. Produce a magnetic field, and this leads to the measurement 
of current, and to telegraphs, electromagnets, electric bells, trans¬ 
formers, generators, etc. 

2. Heat a wire, as in the case of electric lamps, ranges, heaters, 
toasters, irons, valves, etc. 

3. Produce chemical effects, such as the breaking up of water 
into oxygen and hydrogen, electroplating, etc. 

4. Drive a motor, as with electric fans and street cars, where 
electric energy is transformed into kinetic energy. 

These properties will be discussed and explained both as regards 
theory and application. 

282. Early Discoveries. Galvani (1737-1798), a physician of 
Italy, discovered that two pieces of different metals touching the 
nerves of the leg of a freshly-skinned dead frog would cause muscular 
contraction, or jerks, provided the other ends of the metal were in 
contact. This electrical effect was attributed to the animal. In 
somewhat the same way it is possible to experience the “galvanic 
taste” by placing two coins, such as silver and copper, so as to touch 
the tongue, one above and the other beneath, with the outer rims 
of the coins in contact. 

Volta (1757-1827), also of Italy, found that it was possible to 
generate electricity apart from an animal, and he discovered the 
first simple electric cell (Fig. 310), consisting of two plates of dif¬ 
ferent metals, such as copper and zinc, placed in a suitable fluid, 
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Conventional 

ElectronsCurrent 

ci 1 

-f 


such as sulphuric acid well diluted with water. When the two metal 
plates are connected by a copper wire, then it can be proved that 

there is a current, and that electricity 
flows along the wire from one metal plate 
to the other, completing the circuit through 
the fluid. 

Volta also connected a number of cells 
together in series, as shown in Fig. 311, 
and these cells are said to constitute a 
battery, which replaces Volta's picturesque 
name of a “crown of cups." He also 
made a voltaic pile, with a large number 
of plates consisting in order of zinc, paper, 
copper; zinc, paper, copper; . . . zinc, paper, copper, packed closely 
together. In this case the paper, or cloth, between the metals must 
be slightly moistened with a little acid and water. Such a pile has 






Fig. 310. — Simple Electric Cell 




Fig. 311. — Voltaic Battery and Voltaic Pile 


been made which will keep a suitable electric bell continuously ring- 
ing for many years. 

Shortly after this discovery Nicholson and Carlyle (1800) in Eng¬ 
land dipped the ends of two brass wires from a battery into a drop 
of water and found that hydrogen gas bubbles rose from one end 
and that the other end was oxidized. When they used platinum 
wires dipping in water,. oxygen appeared at one end, hydrogen at 
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the other. This reversibility is important, showing that an electric 
current can produce chemical action, just as in a cell chemical action 
can produce electric current. 

If the metal plates of a battery, or cell, are connected with a 
sensitive electroscope, it can be shown that the copper plate has a 
positive potential and the zinc plate a negative potential, thus link¬ 
ing the present subject with electrostatics. If, however, the plates 
of the battery are connected by a conducting wire the chemical ac¬ 
tion in the cell is capable of maintaining a continuous flow or current 
of electricity as if positive electricity were passing through the wire 
from the copper (+) to the zinc (-), and this will be considered as 
the direction of the current. 

Later discoveries (Fig. 310) will however suggest that the “cur¬ 
rent” in the copper wire consists only of electrons (—) moving in 
the opposite direction, namely zinc to copper, for the positive ele¬ 
ments of the metal wire are not mobile. 

It will be seen later that in the fluid of the cell the current is carried 
by ions, or carriers, positive moving in one direction, negative in 
the opposite direction, both existing in great numbers. 

283. Magnetic Effects of a Current. The detection of currents by 
frogs’ legs was certainly not convenient, so that electricity only be¬ 
gan to become an exact science when a most notable discovery was 
made by Oersted (1777-1850) of Denmark, who, in his lecture room 
and before his assembled students, held a wire, carrying a current 
due to a battery, straight over and parallel to a compass, and saw 
for the first time that the magnetic needle moved and tended to set 
itself at right angles to the wire and current. When, however, he 
turned his battery end for end, so that the current flowed in the 
opposite direction in the wire (which remained where it was), then 
the compass needle was again deflected, set again at right angles to 
the wire, but the needle pointed in the opposite direction to that 
formerly taken. Further investigation showed that no matter what 
the position of the straight wire carrying a current, no matter what 
the position of the compass needle near the wire, there .is always a 
tejidencylor the N pole of the magnet-to go round the wire (Fig. 312) 
onji circular path right-handed to the current direction. The word 
in italics indicates a right-hand screw turning and advancing in the 
direction of the flow of the current. This rule for rotation is due 
to Maxwell. An alt ernative rule is “place the thumb of the right 
ha nd along the wire pointing in the direction of the current, i.e., to- 
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wards the zinc (-), and the fingers, grasping (in imagination) the 
wire, will show the direction in which a N pole will tend to move 


Right hand 


N _ 
to you 


S 

from you 



Cu 


-Symbol for Battery 
Fig. 312.— Right-Hand Screw Law 


round the current.” It is 
scarcely necessary to add 
that the S poles tend to go 
round the current in the 
direction opposite to N 
poles. Figure 312 indicates 
a right-hand screw; also the 
directions in which N poles 
and S poles tend to go 
round a wire carrying a 
current; and shows certain 
conventional signs which 
represent cell or battery. 

If, as in Fig. 313, a strong 
current is sent down a ver¬ 
tical wire passing through 
the middle of a white board, 
then, on scattering iron filings, and tapping the board, lines of mag¬ 
netic force (Sect. 236) are clearly indicated, especially near the wire, 
as circles going round it. More¬ 
over, several compass needles 
placed on the board, close to the 
wire, will all point tangentially 
to the circular lines of force, and 
as in the diagram, the N poles 
will conform to Maxwell's right- 
hand screw rule. Clearly then 
it is not sufficient to think of 
electricity only as something in 
the wire, as we do of water flow¬ 
ing in a pipe, but we must recog¬ 
nize the fact that ever y current 
of electricity has around it a magnetic field of strength decreasing 
outwar ds, but nevertheless reaching to all distances, just as the sun, 
or indeed any body, has a gravitational field extending throughout 
space. 

It must be remembered that at present attention is concentrated 
on steady, continuous currents, as from a good battery, flowing in 



Fig. 313. — Magnetic Field of a Current 
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one direction only — commonly called direct current, and denoted 
as D.C. At a later stage, alternating current, A.C., oscillatory in 
magnitude and direction, will be considered. 

When a cell or battery is connected by conductors, such as copper 
wires, from plate to plate, the circuit is said to be closed, otherwise 
it is open. In many cases a 
simple form of key or button is 
employed to complete the cir¬ 
cuit. At other times a revers¬ 
ing key may be used, having 4 
binding screws connected by 
springs to metal strips which can 
be rotated through two right 
angles by a handle. In Fig. 314 
the screws A, B, can be con¬ 
nected to the battery and P, Q 
to the apparatus through which 
it is required to reverse the 
current. In the position, as 
drawn, the current passes from 
the positive end of the battery 
and proceeds by the route A , 
metal strip F, Q, apparatus 



Battery 


Fig. 314. — Reversing Key 


Fine silk 
««thread 


N 


P, X, B , back to the negative end and through the battery. Turn 
the handle from left to right in the diagram, and the metal strips 

X and Y change places, so that 
the current must be reversed in the 
apparatus. 

284. The Galvanometer. If a 
conducting wire is covered with 
insulating material (silk, rubber, 
cotton, etc.) and bent into a flat 
rectangle or circle, and if a current 
is passed along the wire, then the 
magnetic lines passing at every 
point round the conductor will add 
their effects together and the coil 
will resemble a magnet, having a 
north and south pole on either face. If instead of one turn there 
be many turns in the coil, then the magnetic effects will be at every 
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La _ Auj 


(a) (6) 

Fig. 315. — Simple and Astatic 
Galvanometer 
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point increased in proportion. A compass needle, Fig. 315 (a), sus¬ 
pended, or pivoted, at the center of the coil, will be readily deflected. 
Thus we have a method both of detecting a current, and of measuring 
its strength. Such an instrument is called a galvanometer. 

The astatic galvanometer is a highly sensitive instrument, Fig. 
315 (6), consisting of two coils arranged one above the other, with the 
same current passing through both coils, but in opposite directions. 
Two light magnets of nearly equal moments are fastened one above 
the other on a light rod, with their poles in opposite directions, so as 
to form an “astatic” system, almost indifferent to the earth’s field, 
but subject to the combined torques due to the current in the two 
coils. A fine torsionless suspension, a glass cover, and sometimes 
mirror, scale, and telescope complete the apparatus. 

The tangent galvanometer consists of a large vertical circular 
frame wound with many turns of insulated wire, and at the center is 
a small magnet to which are attached at right angles two light pointers 
whose ends are just above a circular disk graduated in degrees. The 
plane of the coil must be placed in the magnetic meridian, and then 
the pointers both read 0°. On passing a small current the needle 
is deflected and it will be shown later that the current is proportional 
to the tangent of the deflection. 

285. Measurement of Current. In order to make further progress 
it is necessary to define a unit current and to explain how a current is 
measured. Ampere (1775-1836) and Laplace (1749-1827) formu¬ 
lated laws of the relations between currents and magnetic poles. 
In the case of a flat circular coil closely wound, it can be proved 
experimentally that the force in dynes on a pole of a magnet placed 
at the center is proportional to 

(1) the strength of the pole 

(2) number of turns of wire 

(3) the circumference of a single turn 

(4) the inverse square of the radius 

(5) the strength of the current 

Hence F, the force in dynes, = c(m X n X 2 xr X i)/r 2 where c is 
the usual constant of proportionality, m is the pole strength, n the 
number of turns, r is the radius, and i is the current in undefined 
units. To get rid of c , put c, m, n, r, and i each equal to unity, and 
then This unit of current, called the electromagnetic 

unit (e.m.u.) of current, is defined as follows: 
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The electromagnetic unit of current is that which flowing in a single turn 
of a circular wire of one centimeter radius exerts on unit magnetic pole 
placed at the center a force of 2 t dynes . 

The practical unit of current, one ampere, is defined as one-tenth 
of the above electromagnetic unit (e.m.u.) of current.^ For example/ 
30 amperes equals 3 e.m.u. of current. 

★286. Tangent Galvanometer. Returning to the measurement of 
current and to the tangent galvanometer (Fig. 316), when the central 
needle of length 2 l } pole strength ra, is 
deflected through an angle 0 in the 
earth's ‘ horizontal magnetic field, 
strength H oersted, it will be in equilib¬ 
rium due to two equal torques. For 
the poles will be pulled north and south 
with forces mH at a distance 2 l sin 0 
apart, and pulled east and west with 
forces m{n 2 Tr/r 2 )i with a distance be¬ 
tween them, 2 l cos 0, so that, equating 
the moments of these couples, 
mn 2 irr ., 


and there results 


1 2 l cos 0 = mH 2 l sin 0 
H , 


i = 


G 


tan 0 



where G is written short for 2 irn/r, 
called the galvanometer constant. H/G 


tion factor, so that i — k tan 0. 

Thus, if two different currents, i\ and i 2 , deflect the needle of a 
tangent galvanometer, at one and the same place, through angles 
and 02 respectively 

11 _ tan 0i 

1 2 ~ tan 0 2 


It is often helpful to remember that the force in dynes on a pole 
of strength m, at the center of a coil, closely wound and having n 

turns, radius r, is in dynes . — 

n 2 m \ .,\ 

F — m —, or ■ 2 irmni/n 


where i is the current in e.m.u., passing round every turn of the coil. 

If the current is expressed as I amperes in place of i e.m.u., then 
7/10 replaces i in all formulas. 
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287. Quantity of Electricity. When a current of water flows 
through a pipe to a tank it is possible to state that, if 3 cubic feet 
pass per minute, then the quantity of water proceeding past any 
point of the pipe in 10 minutes is 30 cubic feet. 

In a similar manner it is possible to state that if a current i flows 
along a conductor for time t, then the quantity of electricity, q, 
which passes any point of the conducting wire in i seconds, is equal 
to i X t seconds, or This carries with it a definition of unit 

quantity as that carrieTby unit current in one second, and if i is 
in e.m.u., then q is in e.m.u. So also, if q is in electrostatic units 
(e.s.u.), then i is in e.s.u. 

Yet again, if the current is in amperes, the practical unit of current 
already defined, then the quantity will be in practical units, which 
^shall be defined thus. The A practical unit of quantity, one coulomb, is 
x \that conveyed by a current of one ampere in one second. Since 1 am¬ 
pere = iV e.m.u. of current it follows that 1 coulomb = 1 V e.m.u. 
of quantity, if the relation Q — It is to hold, or 

coulombs = amperes X seconds.* 

Thus 3 amperes for 2 minutes means a passage of 360 coulombs. 

In this chapter small letters will be used for e.m.u., and capital 
letters for practical units. Some writers use an abampere for 
1 e.m.u. of current — “ab” standing short for “absolute.” 

288. Potential Difference. Why does a current flow? Consider 
the analogy of a current of water in a pipe, in which case there' must 
be a head of water, to drive the water forward. Hence the analogy 


Water 

Current 

Quantity 

“Head” 

Resistance due to friction 
Work done 
Power consumed 


Electricity 

Current 

Quantity 

Difference of potential 
Electrical resistance 
Work done 
Power consumed 


This analogy, like all others, must not be pushed too far; in 
some respects indeed the electrical case is simpler and more exact 

* Here and elsewhere it will be remembered that it is not possible to multiply 
“current” by “time.” The statement coulombs = amperes X seconds is merely 
a convenient abbreviation for the relation “if you multiply the nuihber of amperes 
by the number of seconds, then you will correctly obtain the number of coulombs,” 
and this is the meaning of Q - It also. 
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than the hydraulic. Water, of its own accord, or rather on account 
of gravity, tends to run downhill, while on the other hand water 
is checked, or delayed by the inequalities and bends of its channel. 
If you want to force water uphill, it is necessary to use a pump of 
some kind to do so. Similarly it is necessary either to use a battery, 
with expenditure of chemical energy, to force a current of electricity 
through the resistance of a circuit; or to use a generator of electrical 
current which must be driven by a head of water, or by the pressure 
of steam, with a steady “rate of work” or power. It will therefore , 
be assumed that “electrical pressure, or head” is essential to main- j 
tain a current through any substance offering resistance to the j 
passage of that current. This “electrical pressure” will be termed ; 
difference of potential, and it must be defined with care. ! 

The difference of po tential v between two points A and B is defined as 
the work done in ergs in taking unit quantity of 'elFcMciig^lyni^g%^ 

If q units are taken instead of one, the work will be q times as 
large, so that if v be the difference of potential and w the work done 
in ergs, w = qv. 

The electromagnetic unit of difference of potential is such that one erg 
of work is dq ne jvhen one e.m.u. of quantity is taken between two stated 
points. 

The practical unit is one volt, where 

1 volt = 10 s e.m.u. of difference of potent ial 

In consequence not only does w = qv where w is in ergs, q and v in 
their respective e.m.u. ? s, but it is also true that 

W = QV, joules = coulombs X volts 

since there is a balanced change of units, all “tens” cancelling, be¬ 
cause 

1 joule = 10 7 ergs 
1 coulomb = T V e.m.u. of quantity 
]i l volt = 10 s e.m.u. of potential difference 

Next combine w = qv, with q it , and it is clear that power, p, in 
ergs per second is given by 

10 

% 

Moreover, since p = iv, so also 

P = IV, watts = amperes X volts 
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as may be immediately deduced from W = QV on division by the 
time tj remembering that one watt is one joule per second. 

In practical work it is customary to measure I with an ammeter, 
V with a voltmeter, and to find the power from their product, ex¬ 
pressed in watts. The work, or energy used, is power X time, for 
example, in watt-seconds. 

Example. To transport 10 coulombs against 110 volts requires 1100 
joules; to maintain 10 amperes by 110 volts requires 1100 watts, or 1.1 kw.; 
to use 10 amperes at 110 volts for 8 hours means 8.8 kw.-hr.; costing, at 2§ 
cents a unit, 22 cents. 

It was Ohm (1781—1854) who first grasped the fact that the flow 
of electricity was similar to the flow of heat, and that if difference of 
potential be substituted for difference of temperature , and the word 
current replace flux or flow of heat , then all the results for the con¬ 
duction of heat hold good for the conduction of electricity. Ohm’s 
law is usually put in the form that the current i is proportional to 
the potential difference v. 

289. Ohm's Law. It was proved experimentally by Ohm that: 

If any steady difference of potential exists between the ends of a metallic 
conductor then the current passing through it is proportional to that difference 
of potential, provided that the temperature remains constant. 

This is not an easy law to establish in its entirety; no correspond¬ 
ingly simple law holds for water in pipes, where the ratio, head/cur¬ 
rent, does not remain constant. Indeed Ohm had to face disbelief 
and opposition when he first stated his law; he lost his position as a 
schoolmaster in consequence, until the Royal Society of London 
awarded him a medal for his discovery, when he was promoted. If 
v is the difference of potential, and i is the current, between two points 
A and Bona metallic conductor, then v/i is constant for all values 
of v, and this constant is denoted by r, and called the resistance be¬ 
tween A and R, so that 

/ v . , . v v \ 

• - —r; v = n: and i = - . 

r J 

The electromagnetic unit (e.m.u.) of resistance is that of a con¬ 
ductor such that there is 1 e.m.u. of difference of potential when 
1 e.m.u. of current flows through that resistance. The practical unit 
is 10 9 times this e.m.u. of resistance, and is called an ohm (symbol co). 
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Note that I 

;j 1 ampere = T V e.m.u. current 

' 1 volt = 10 s e.m.u. potential. 

1 ohm = 10 9 e.m.u. resistance 

so that not only does vj= ir x in e.m.u., but in practical units 
V ~ IR, volts = amperes X ohms 

There are some who call 1 e.m.u. of resistance an ab~ohm, and 
there is no objection to such usage. 

Note that a megohm (£2) is a million ohms, or 1 £2 = 10 6 co. 

! For example, 110 volts will send 10 amperes through 11 ohms resistance. 
Again, 10,000 volts across 5 megohms give 2 X 10~ 3 ampere, or 2 milliamperes 
(2 mA), while 10 volts across 5 megohms (5 £2) give 2 microamperes (2/iA)- 

290. Electromotive Force. In the most general way it has been 
stated that “ electromotive force is the property of a physical device 
which tends to produce an electric current in a circuit.” In the 
case of an electric cell this property is due to the chemical action of 
the constituents of that cell. The electromotive force is not a force 
at all, and cannot be measured in dynes! It is usually measured in 
terms of the difference of potential between the terminals of the cell 
on “open circuit,” that is, when there are no wires or other con¬ 
ductors connecting the terminals. 

Electromotive force and potential difference are alike measured 
in e.m.u. by the work done in ergs in transporting unit quantity of 
electricity between two stated points, and in both cases 1 volt = 10 8 
times one e.m.u v pf difference of potential. 

The difference of potential between the terminals of a cell, or of 
a battery, can be measured by an electrostatic voltmeter, or with a 
sensitive galvanometer having a very high resistance, which, when 
calibrated, is a voltmeter. Thus a battery with open circuit may 
have a potential difference of E volts between its terminals, and its 
e.m.f. is then said to be E volts. The same battery may send a 
current I through the inside, or battery resistance B, and through 
an outside resistance R , and then by Ohm's law extended to the 

whole circuit, "" ". 

vj® = RI + BI 

where E is the voltage due to the battery, with an RI loss of potential 
outside, and BI inside. 

In general, the voltage required to cause I amperes to flow through 
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a resistance R ohms is RI volts, and this is sometimes called the 

E/dilop 

The potential difference as measured by a voltmeter between the 
terminals of the battery, in the above case, will be found to be not 
E, but equivalent to RI, or to E — BI , for some of the electromotive 
force of the battery is expended within it. 

For example, if a two-volt cell has internal resistance of one ohm, and 
is connected through an external resistance of three ohms, then the current 
will be 2/(3 + 1), or § ampere. Therefore § volts are driving § ampere 
through the external resistance, and § volt is driving J ampere through the 
fluids of the cell. 

An interesting verification of some of the above statements con¬ 
sists in connecting a few similar cells in series through a high resist¬ 
ance and a sensitive galvanometer. The high resistance may be 
made on a sheet of dry cardboard with a lead (graphite) pencil, by 
drawing sufficiently few conducting lines between two metal clamps 
to secure a resistance of many megohms. The voltage of the cells 
in series is the sum of their voltages; the high resistance R of the 
graphite greatly exceeds the negligibly small resistances of the cells. 
Thus with R constant and E = e.m.f. of 1 cell, it is found on varying 
the number of cells used, 

Electromotive Force Current Indicated 

IF 5 scale division 

2 E 10 scale division 

3F 15 scale division 

4 E 20 scale division 

5F 25 scale division 

Such exact precision may not occur in practice, for cells of the 
same type vary somewhat in e.m.f. This experiment does not 
prove the law, but it does tend to show that E and I increase in 
proportion. The real proof of the law is given by its successful use 
under widely diversified circumstances. 

It is necessary to distinguish carefully between these two. Elec¬ 
tromotive force is due to a source of energy which can move elec¬ 
tricity, doing work either against the resistance of a conductor or 
against the opposing forces of electrostatic attraction and repulsion. 
For example a battery provides an e.m.f., the energy coming from 
the chemical changes which occur in the cells. If. a battery is not 
connected to a circuit the e.m.f. causes electricity to flow until one 
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terminal is charged + and the other — to such an extent that the 
difference of potential between them is just sufficient to stop further 
flow of charge. This potential difference is taken as a measure of 
the e.m.f. which produces it. When the terminals are connected 
by a circuit some of the e.m.f. of the battery is used to maintain the 
current through the resistance of the battery itself and hence the 
p.d. between the terminals of the battery is diminished. Note that 
the current in the battery flows from the low.potential terminal to the 
high, being maintained by the e.m.f. For any part of a circuit, 
containing no e.m.f. but having resistance R and carrying current I 
we have V = RI where V is the p.d. between the ends of R; while 
if there is a small opposing e.m.f. in this portion of the circuit then 
V = RI + E. Another ex¬ 
ample of e.m.f. is that which 
occurs at the contact be¬ 
tween two different metals. 

A further example, most 
important of all, is the e.m.f. 
which is produced in every 
element of a conductor 
whenever lines of magnetic 
force are sweeping across it, 
or vice versa. 

Consider 4 cells, each with e.m.f. of 2 volts and resistance of 
1 ohm, with an outside resistance of 12 ohms, so that the current 
is \ ampere. On open circuit the e.m.f. is 8 volts, but, when closed, 
each cell gives rise to an effective voltage of 2 — 1 X §, or 1 | volts, 
so that the 4 cells account for 4 X lj, or the 6 volts potential drop 
in the external resistance, as shown in the diagram (Fig. 317). 

291. Specific Resistance or Resistivity. It was proved experi¬ 
mentally by Ohm that the resistance of a conductor is directly pro¬ 
portional to its length and inversely proportional to the area of its 
cross section, while the resistance also depends upon the nature of 
the material of the conductor. Hence it can be stated that the 
resistance R in ohms is given by^- ..^ 
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Fig. 317. — Ohm's Law 


wher e l is the length, A the area of the cross section, and p (Greek 
rho) r s~~called the resistivity, replacing the old name specific 




348 


CURRENT ELECTRICITY —PART I 


resistance. Put l and A each equal to 1, and we get R — p; so that 
p (the resistivity) is the resistance in ohms of a stated substance 1 cm. 
in length, and 1 sq. cm. in cross-sectional area. 

Values for p in ohm cm. are given in the following table: 

TABLE XXII 


Resistivities in ohm cm. p = RA/l, at 18° C. 
Temperature Coefficients k = (R t — R 0 )/Rot 


Substance 

Resistivities 

IN OHM CM. 

Tempe rature 
Coefficients 

Metals 



Aluminum. 

2.94 X 10“ 6 

38 X lO" 4 

Copper. 

1.78 X “ 

43 X “ 

Iron pure. 

12.0 X “ 

62 X “ 

Steel. 

20.0 X “ 

16-42 X “ 

Lead. 

20.8 X “ 

43 X “ 

Mercury. 

95.0 X “ 

9 X “ 

Nickel.. 

11.8 X “ 

30-60 X “ 

Platinum . 

11.0 X “ 

38 X “ 

Silver. 

1.66 X “ 

40 X “ 

Tin. 

11.5 X “ 

45 X “ 

Zinc. 

6.1 X “ 

37 X “ 

Alloys 



Brass. 

6-9 X “ 

10 X “ 

Constantan. 

49 X “ 

-.4 to +.1 X “ 

Nichrome. 

110 X “ 

1.7 X “ 

Manganin. 

42 X “ 

very small 

Insulators 



Sulphur. 

4 X 10 15 


Ebonite. 

2 X 10 15 


Glass. 

5 X 10 11 


Gutta percha. 

2 X 10 9 


Mica. 

9 X 10 15 


Paraffin wax. 

'3 X 10 18 


Porcelain. 

2 X 10 15 


Quartz. 

1.2 X 10 14 



Most materials are found to have an increase of resistivity as 
the temperature is increased. This may be shown with a battery, 
galvanometer, and a coil of fine iron wire joined in series. On heat¬ 
ing with a flame the iron wire (Fig. 318), its resistance increases, so 
that the current decreases, as is readily shown by the galvanometer 
reading. If P/ is the resistivity at temperature f C., Po the resis¬ 
tivity at 0° C., then 


pt — po (1 + kt) 
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where k is called the “temperature coefficient of resistivity.” Of 
course it is also true that for a given wire, R t = R 0 (1 + kt), where 
R h Ro are in ohms. 

Several alloys, such as constantan (eureka) and mangani^ have 
very small temperature coefficients, and wires of such materials are 
little affected by changes of temperature. This constancy makes 
them invaluable in the construction of electrical apparatus used for 
measurement. 

292. Resistance in Series and Parallel. When a number of resist¬ 
ances are connected in series (Fig. 319) it is clear that their joint, or 


—WvVV\ 

Resistance Variable Resistance 



Fig. 318. — Effect of Heat on Fig. 319. — Resistance in Series and Parallel 

Resistance 


single equivalent, resistance R is the arithmetical sum of their sep¬ 
arate resistances, R\, i? 2 , Rh etc., or R = Ri + R 2 + Rs, etc., = 2R. 

Resistances in parallel (Fig. 319) clearly have a less joint resistance 
than that of any one of them. Let V be the difference of potential 
between A and B (Fig. 319), I the total current, and I h / 2 , J 3 , the 
currents through R h Ro, Rz, respectively. In a continuous steady 
current, electricity behaves as if it were incompressible, so that as 
much flows to as from any point, this being the first of KirchhofFs 
laws. 

Therefore I = h + h + h 


where R is the joint resistance of branches 1, 2, and 3. 


Hence 


V _V V V 
R “ fix + R % + R* 


or, by dividing through by 7, 
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Example. Find the equivalent resistance to 1, 2, 3, 4 ohms in series, and 
in parallel. In series R = l+ 2 + 3 + 4=10 ohms, and in parallel 


R “l + 2 + 3 + 4 ~ 


2 _ 

12 


and R = 0.48 ohm. 


Example. In Fig. 320 is a battery of 3 cells, each with 2 volts e.m.f., and 
| ohm resistance. A current goes round the circuit, and passes the following 

resistances, battery f ohms, then f 
ohm, 3 and 6 ohms in parallel, and a 
galvanometer of 8 ohms resistance. 
What is the current flowing? The 
two resistances in parallel are equiva¬ 
lent to 2 ohms, hence 

E = I X R gives 
6=/X(|+i + 2 + 8) 

= 12 7 
7 = | amp. 

293. Conductance. T he re ciprocal of resistance is conductance and 
this is often measured in mhos, where mho is the word ohm written 
backwards. Hence instead of stating 

i _ i 7±T\ 

for resistances in parallel, it is possible merely to state that the total 
conductance is the sum of the separate conductances. 

The second law of Kirchhoff refers to a network of conducting wires 
which may include batteries and generators; if the currents are 
steady and continuous there is an extension of Ohm’s law which states 
that round any path of the conductors, on returning to the original 
s tarting p oint, the algebraic sum of the e.m.f. J s of the batteries and 
generators is equal to the algebraic sum of the products of resistance 
ti mes curr entPfof all the conductors, or 


8 cells form a battery 
ach 2 volt, 14 ohm 


72 Ampere 



Resistance Galvanomete 

Resistances Resistance 
in parallel 8 ohma 

Fig. 320 


Kirchhoff ; s laws for electric networks may be thus stated: 

I. The algebraic sum of the currents flowing toward any point 
in a network is zero. 

II. The algebraic sum of the products of the current and resistance 
in each of the conductors in any closed path in a network is equal to 
the algebraic sum of the electromotive forces in that path. 
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Example. In Fig. 321 each cell has 2 volts e.m.f., 1 ohm resistance, and 
the outside resistance is 3 ohms. Find the current in each wire. 

Let the currents be x, y, z, as selected at random and drawn. 

Law I gives x = y + z 
Law II gives 4 = 3 x + 2 z 
and 2 = 3 x + y 

x = it, V = “ ^ = it amp. 

and the current y is the reverse to that drawn. 



Fig. 321 Fig. 322 

294. Shunts. When a galvanometer is too sensitive to measure the 
current used, it is customary to use an alternative path or “shunt” 
(Fig. 322) to the instrument. Let G be the resistance of the gal¬ 
vanometer, S be the resistance of the shunt, I the total current pass¬ 
ing through both, whereof / 2 passes through G, and I x through S, 
then as before I = h + h, and between A and B the potential 
difference V = hG, and again V = hS. Hence.J 2 /I 1 S/G or 
the proportion of current is inversely as the resistances, while 
I 2 - SlY(S +, G). Now the galvanometer is calibrated to read 
J 2 , and if S and G are known, I is at once determined. 

* Example. A milliammeter (resistance 30 co), correctly calibrated, is to be 
used so as to read as an ammeter. What must the shunt be? When h is 
ampere, I is to be 1 ampere; hen ce .. 

1 0Q 

1000 “ S + 30 X 1; S0 that s = 999 • 03co 

295. Measurement of Resistance. It is possible to find the resist¬ 
ance of a given coil of wire by placing it in circuit with a galvanometer 
and a battery. After reading the deflection of the galvanometer 
produced by the current, remove the coil and substitute such a known 
resistance as will make the deflection of the galvanometer the same as 
before. The resistance of the coil is clearly the same as that of the 
equivalent known resistance. * To carry out this method of substitu¬ 
tion an adjustable known resistance is evidently required, and this is 
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provided by a resistance box such as is shown in Fig. 323. This 
consists of a wooden box with an ebonite top, on which is mounted 

brass U-shaped strip 


Brass 

& 


Ebonite 




¥ 

Coil wound 
non-inductively” 


1 


ivfo O O IS <N N <n 

Mo o g S g o 
Ulo o ® ® o ®(5 
fOJjN io h n so to a 

dnziSEEsa=o- **- 


a 

divided into sections, 
which can be connected 
together with conical 
brass plugs having ebon¬ 
ite tops for handling. 
These plugs should be 
inserted, when required, 
with a slight pressure 
and mild twist. Soldered to the brass sections, and in the box be¬ 
neath, are insulated wires of manganin, suitably wound on cylinders 
or bobbins, of such length and cross section as to give accurately 
resistances, in succession, of 1, 2, 2, 5, 10, 20, 20, 50, 100, 200, 200, 
500, • • • , ohms. The series 


Pig. 323. — Resistance Box 



a suitable cylinder of an insulating material such as slate, and with a 
sliding connector, so as to adjust the resistance as required. 

The use of standard coils permits the measurement of resistance, 


with great accuracy, either by a meter bridge, or by a Wheatstone 
bridge. The general principle of these instruments is the same. 

Consider an island in a river, Fig. 325 (a), with three canals cut 
through it. A current would flow from A to B because the pressure, 
or head, is higher at A than at B. Again, there would be a current 
of water from F to E, as the pressure of the water is greater at F 
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than E; but there would be no current through CD, if the pressures 
at C and D were equal. Next consider a current dividing between 
two conductors, KCL and 


D 


(a) 



Fig. 325 


KDL, Fig. 325 (6). If the 
potential at A is higher 
than the potential at B, a 
current will pass along a 
wire AB; similarly for 
a wire FE. A connecting 
wire between points such as C and D will carry no current, if the 
•potential at C is equal to the potential at D. 

But the total difference, fall, or drop of potential between K and L 
is the same by both routes, and since for a given current falls of 
potential are proportional to resistances we must have 


resistance of KC __ resistance of ZD 
resistance of LC ~~ resistance of DL 


in order that the potential at C may equal the potential at D, and 
so that there may be no current in CD. Note that there will be 
innumerable pairs of points such as C and D. 

296. Wheatstone Bridge. If P, Q , R , and S are any four resist¬ 
ances, with stout connecting wires forming a quadrilateral (Fig. 326), 
and if a cell and key form one diagonal, and a galvanometer and key 



another diagonal, and if, on closing the keys, no current passes 
through the galvanometer, then P/Q = R/S , as just proved. Also 
if three of these resistances are known standard resistances, then the 
fourth unknown resistance can be determined. 

297. Meter or Slide Wire Bridge. It is clearly desirable to have 
some of the resistances readily adjustable. This is done with the 
meter bridge (Fig. 326), which consists of a board on which are 
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mounted three heavy strips of brass; between two of them is stretched 
a uniform wire KL of constantan, one meter long, with a graduated 
meter stick below the wire. In the two gaps between the brass 
strips are placed (1) an unknown resistance X , and (2) a known 
standard resistance R; one of the galvanometer wires is fastened to 
a binding screw on the central strip and the other is moved along the 
slide wire KL, until a neutral or “null” point is found, so that no 
current passes through the galvanometer. Since the wire is uniform, 
the resistances of a and of b are proportional to the lengths of a and b. 
Hence, 

X _ Ra _ a 
R Rb b 

or X = R X l 

Since no wires such as KL are ever strictly uniform it is well to re¬ 
verse X, R, and to find c and d, so that X/R — d/c , and to take the 
mean value of X. 

Example. Find X , given R = 10 co; a = 33.7, b = 66.3; c = 66.7, 
d = 33.3. 

qq 7 qq q 

X = 10 X |r- 3 = 5.083, and X = 10 X ~ = 4.992, and 
X = 5.037 ohm ± .045 

298. Resistance Thermometer. Since the resistance of metals 
varies with temperature it is possible to use this variation to indicate 
changes in temperature. Because of its resistance to chemical action 
and high melting point, platinum is often used for this purpose. A 
coil of fine platinum wire is placed in the region whose temperature 
is desired and connected to a Wheatstone bridge, or an equivalent 
recording instrument, by suitable copper leads. The balancing arm 
of the bridge might be a similar piece of platinum wire kept at a 
constant temperature. Such a resistance thermometer may be used 
to determine, or to record, the temperature of a flame, furnace, or 
oven, or of some region distant from the observer such as the hold 
of a ship, or a chamber of a cold storage plant. 

299. The Potentiometer. If a current, due to a steady battery of 
one or two cells, passes along a uniform wire made of constantan, or 
of some other alloy, with a fairly high resistance not greatly varying 
with temperature, then there will be a difference of potential between 
any two points on the wire proportional to the distance between the 
two points. Such an arrangement is the more essential part of a 
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potentiometer, used for several purposes, and capable of measuring 
potential differences large or small. 

It can be used: 

. ' (1) To compare the e.m.f.’s of two given cells 

(2) To compare the resistances of two given conductors 

(3) To measure a current, given a standard resistance and a 
standard cell, and hence to “standardize” or “calibrate” a 

!: galvanometer, or an ammeter 

300. To Compare the Electromotive Forces of Two Cells. The 
long, uniform “slide” wire of constantan AB (Fig. 327). may be 
straight, or contain several par¬ 
allel lengths, or be wound as a 
helix on a rotating cylinder. A 
steady battery of two or more 
volts is used, the steady e.m.f. of 
which is higher than that of the 
cell to be tested. The first cell 
is connected through a sensitive 
galvanometer, which may well be 
used with a series resistance at 

first, to the point A of the slide Ri B2 

wire. The other terminal of the Fig. 327. — Potentiometer 

cell is connected to a wire whose 

extremity is moved.along the slide wire until a point P is found such 
that no current passes through the galvanometer when both keys are 
closed. 

Substitute the second cell for the first and again find the null point 
Q for this second cell. 

Note that the cells and the batteries must have the same poles con¬ 
nected to A; either both positive, or both negative; otherwise a null 
point cannot be found. If Ziis the length of AP, U. is the length of AQ] 
then E 1 /E 2 = h/k, where E x and E 2 are the e.m.f.’s of the two cells. 

Reason. Let I be the current along AB, and note that no current goes 
through the galvanometer; therefore E h the e.m.f. of the cell, must balance 
the (current in AP) X (resistance of AP), sometimes called the “ IR drop.” 
If k is the resistance of unit length of AB, the resistance of AP is kh; hence 
Ei = hlj, and so E 2 = klj, and, by division, Ei/E* = h/U. 

301. To Compare Two Resistances. Two separate circuits with 
constant batteries are required; the one with current 1 in the long 
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uniform slide wire, the other with current I' through the two re¬ 
sistances Ri and R%. A glance at Fig. 327 shows that if cross wires 
be adjusted, so that no currents pass through the galvanometers, 
then the two “current X resistance,” or “IR drops,” must be equal 
above and below. If k be the resistance per cm. of the slide wire 
AB, it follows that Ikh = I'Ri and Ikh = I'R 2 , so that Ri/R 2 = h/h. 

302. To Measure a Current, Given a Standard Cell, and a Standard 
Resistance. A slide wire and null method are again employed. On 

the left (Fig. 328), if there is no 
current in the galvanometer, 
IiR = Ikh and on the right, if 
there is no current in the galva¬ 
nometer, the e.m.f. of the stand¬ 
ard cell, E, must just balance 
the Ikh of BA, so that by di¬ 
vision, hR/E = h/h, and be- 
Fig. 328. — Potentiometer cause lx, l 2 are measured, and if 

R, E are known, it follows that 
the value of the current Ji in amperes is determined, so that the 
ammeter M can be corrected or calibrated. The standard cell used 
is generally the Weston, and it is described later. The e.m.f of it is 
1.0183 volts at 20° C. 

. 303. Galvanometers. There are six main types: 

• j (1) With a magnet moving, and the coil fixed 
;j ( 2 ) With a coil moving, and the magnet fixed 
i (3) With a coil moving, and a coil fixed 

(4) With a piece of soft iron, moved by a fixed coil 

(5) . With a wire which expands on heating 

(6) With a thermocouple heated by a fine resistance wire in a 
vacuum 

1. Moving Magnet. The tangent and astatic galvanometers, 
belonging to this class, have already been described (Sect. 284). 
Thompson (Kelvin) invented a mirror galvanometer to detect faint 
signals along the early Atlantic cables. It consists (Fig. 329) of 
many turns of fine insulated wire, while in the center hangs, by 
a single fiber from a silkworm’s cocoon, a small light circular 
mirror, to the back of which are fastened three or four horizon¬ 
tal parts of a fine sewing needle, well magnetized in the same 
direction. 
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Silk Thread 


Control 
Magnet 

Brass Tuba 



329. — Kelvin’s Mirror Gal¬ 
vanometer 


A control magnet M can move the mirror system until the light 
from a lamp passing through a lens is reflected from the mirror and 
brought to a focus at the zero of the scale, when no current passes 
through the galvanometer. The instru¬ 
ment can be calibrated when desired, 
and currents are proportional to the de¬ 
flections, if small. 

This instrument, described for the 
sake of the principle involved, has been 
developed and improved. When this 
galvanometer is made highly sensitive it 
is necessary to screen the moving mag¬ 
net from variations in the magnetic field 
due to external causes. Hence it is 
more customary to adopt the d’Arsonval 
principle of deflecting a coil, carrying a 
current, in a strong magnetic field. Just 
as a conductor, carrying a current, tends 
to make a magnet rotate, so too, since action and reaction are equal 
and opposite, a magnet produces a torque on a coil carrying a current 
(see Sect. 323). 

2. Moving Coil or d’Arsonval Galvanometer. A permanent magnet 
usually of horseshoe pattern (Fig. 330) is employed, and between the 

poles is suspended a coil having many turns 
of insulated copper wire; a soft iron cylin¬ 
der may be fixed inside the coil, so as to 
intensify the magnetic field and to make it 
radial, or always in the plane of the coil. 
The iron cylinder is of course detached 
from the coil. Springs on either side of 
the coil control its position, and may con¬ 
duct the current to and from the coil. 
There is either a mirror, lamp, and scale, 
or frequently a pointer connected to the 
coil and a calibrated scale. This scheme is used in the d’Arsonval 
galvanometer and in many ammeters, milliammeters, and voltmeters. 
The coil may be suspended by a phosphor bronze wire, with a control 
spring beneath the coil. It will be shown later (Sect. 325) that the 
torque, or twisting couple, on the coil will depend upon the following; 
the magnetic intensity, the number of turns of insulated wire in the 



Fig. 330. — Moving Coil Gal¬ 
vanometer 
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coil, the area of the coil, and in particular on the current passing 
through the coil. 

A voltmeter is a sensitive galvanometer with high resistance in 
series with the coil. If R is the value of the resistance, then by 
Ohm’s law V = IR , or the difference of potential between the ex¬ 
treme terminals, 7, is proportional to the current I through the 
galvanometer. Hence the instrument can be calibrated to measure 
volts. On the other hand, an ammeter has, either a low resistance, 
or else a shunt or alternative route is employed so that only a frac¬ 
tion of the total current may pass through the coils of the galva¬ 
nometer. In order not to “burn out” costly instruments, it is well 
to proceed w r ith caution and introduce rheostats in series, or low 
resistance shunts in parallel. 

3. Coil and Coil, witK Currents. Let a coil A , without a current, 
be placed on one scale of a trip balance, and let another coil B be 
firmly fixed above it, on a separate stand, so that the planes of the two 
coils are parallel. If a current i be passed through A and i' through 
B, it will be proved later (Sect. 324) that the attractive or repulsive 
force is proportional to the product i times i f . If the same current i 
passes through both coils in the same direction, the attractive force 
is proportional to i 2 . Kelvin made many instruments depending 
on balancing the force between parallel coils carrying currents. 

It is also possible to devise a wattmeter, where the current flowing 
through the mains is first taken round a few stout turns to form coil A. 
Another pair of connectors bridge the battery or generator and pass 
to the second coil B, which has many turns and has high resistance. 
Let I , T amperes be the currents in A and B, and let E be the e.m.f. 
between the mains; then E = I'R and the power P = IE. There¬ 
fore P = IPR. Now the force of attraction between the balanced 
coils is also proportional to II r ; or the torque in the case of the sus¬ 
pended coil is proportional to II r ; so that the power, proportional 
to IP, can be indicated by the instrument, which is often calibrated 
to indicate watts. 

4. Iron Core Ammeter . All the above instruments are suited for 
a direct and continuous current, but it is well known that power 
supply of a city or countryside is more often conveyed and distrib¬ 
uted as an alternating current, which is of an oscillatory character so 
that the current alternates in direction and varies in magnitude in a 
regular cycle. In the simplest case it may be supposed that the 
electrons, as a whole, move to and fro in the conductors longitudinally 
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with simple harmonic motion. If the A.C. is 60 cycles a second, then 
if the current at any stated time is zero, it will rise to a maximum 
value, directed say to the right, in part of a second, and then 
decrease again to zero. The current next begins to flow to the left, 
attains a maximum, and falls again to zero. One cycle is then com¬ 
pleted, each such cycle occupies 0 V part of a second, and the cycles 
continue as long as the current flows. The number of cycles per 
second varies with the conditions of generation and may range from 
a few units to many millions per second. All 
this is briefly summarized by the statement 

It — I 0 sin 2 Trft 

where I o is the maximum current , It is the cur¬ 
rent at any time t, and / is the. frequency, or 
number of oscillations per second. 

It is necessary to have special instruments to 
measure the current or voltage in connection 
with alternating current when the changes of 
direction are so rapid, such as sixty times a 
second, that the moving element, whether magnet or coil, cannot 
move quickly enough to follow these changes, and therefore remains 
stationary. 

If, however, a piece of soft iron B is pivoted at P with a counter¬ 
poise C (Fig. 331), and provided with a spring, so as to be drawn into 

a solenoid, the change of polarity of the 
iron follows that of the current, and the 
soft iron is drawn into the solenoid 
whichever way the current flows. 
Therefore a torque is provided, which 
depends on the strength of the current, 
and the instrument can be readily cali¬ 
brated. 

5. Hot Wire Ammeter and Voltmeter . 
If a wire of high resistance R (Fig. 332), 
made, say, of nichrome, has a current 
passing through it, then the wire will be 
expanded by heat, and the expansion 
may be used to indicate the current. 
The wire R is fixed at both ends, and a second wire is fastened to 
the middle of the hot wire, passes once or twice round a small pulley, 



Fig. 332. — Combined Ammeter 
and Voltmeter 



Fig. 331. — Soft Iron 
Ammeter 
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and is attached to a spring which keeps the wires taut. A pointer 
fixed to the axle of the wheel indicates the current. In the case of 
an ammeter the main current divides between a shunt of low resistance 
S, and the heated wire of resistance R. 

In the case of a voltmeter a high resistance Ri is in series with R, 
and no shunt is used. 

The expansion of heated wires leads naturally to the question of 
the amount of heat generated in a resistance by a current in a given 
time. 

304. Heating Effects; Joule’s Law. Electric currents, both D.C. 
and A.C., are used to generate heat on passing through a poor con¬ 
ductor, or rather a resistor. In the electric lamp, fine tungsten 
wire is employed either in a vacuum or more usually in an inert gas 
such as nitrogen or argon. In electric toasters, irons, and ovens, an 
alloy called nichrome is frequently used as the heating element. 
J. P. Joule proved by abundant experiments that the total heat thus 
generated was proportional to 

(1) the resistance of the conductor 

(2) the square of the current 

(3) the time 

In the theory of heat (Sect. 190) it was shown that the heat, expressed 
in calories H, is proportional to the work, expressed in ergs w, whereby 
the heat was generated; and that the constant ratio w/H is called 
the mechanical equivalent of heat, denoted by J from the discoverer 
Joule, with a value of 41 86 X 10 7 ergs per calorie. In brief, 


But if a quantity of electricity q is transferred by a difference of po¬ 
tential v, then the work w = qv. Moreover from the definition of 
quantity q = it, and from Ohm’s law v = ir. Hence by substituting 
in w = JH, it is true for a current generating heat in a conductor that 


where r and i are in e.m.u., H is in calories, t is in seconds. Since 
1 ohm = 10 9 e.m.u. of resistance and 1 ampere = - f \, e.m.u. of current, 
it follows that 

4.186 IT = RI% or H = 0.24 RlH 

where R is in ohms, I is in amperes, t is in seconds, and H is still in 
calories. 
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Example. Find the heat generated in 2 ohms by 4 amperes, and in 4 ohms 
by 2 amperes, each in 10 minutes. 

hi = .24 X 2 X 4 2 X 600 = 4600 cal. 

h 2 = .24 X 4 X 2 2 X 600 = 2300 cal. 

From the above equation the rate of production of heat is given 
by H/t = 0.24 RI 2 . As shown in Sect. 288 

P = IV 

and since v = IR | (if there is no e.m.f. in this 

we have P = PR J part of the circuit) 

Thus the rate of production of heat is proportional to the power 
expended in the resistance; the factor 0.24 converting from mechan- 
ical to heat units. 


PROBLEMS 

1. Bind the force in dynes on a pole, strength 30, at the center of a 
coil of 50 turns, 20 cm. diameter, carrying 0.4 ampere. 

(12 7t, 37.7 dynes) 

2. What is the galvanometer constant for a coil of 100 turns 4 cm. 

radius? (157 cm.->) 

3 . If H is equal to 0.15 gauss, find the reduction factor for a tangent 
galvanometer with a coil of 400 turns, 8 cm. radius. (.000477) 

4 . In Problem 3, if the needle is deflected through 45°, what is the 

current? _ _ (4.77 mA) 

6. How much electricity is carried by 2 amperes in 10 minutes? 

(1200 coulombs) 

6. If a lightning flash carries 30 coulombs in a part of a second 

what is the average current? (30,000 amperes) 

7 . What power is needed for a 10 amp. current at 110 volts? 

(1.1 kw.) 

How much energy is conveyed by 10 amp. at 1000 volts in 2 hours? 

(72,000,000 joules) 

What current will 220 volts produce through 50 ohms? (4.4 A) 
What is the resistance of an arc lamp when 60 volts causes 4 am¬ 
peres? What power is consumed? (15 ohms; 240 watts) 

11. Find the resistance of a copper wire 2 km. long, 3 mm. 2 cross sec¬ 
tion, resistivity ,0p00pi8 ohm cm. (12 ohms) 

12. An iron wire has a resistance of 12 ohms at 20° C. What will be 

the resistance at 120° C.? (See Table XXII, Sect. 291.) (19.4 w ) 

13 . A telegraph wire of copper has a resistance of 45 ohms. What 

would be the resistance of an aluminum wire of the same size and length? 
(See Table XXII, Sect. 291.) ( 74 . 3 '■ 


8 . 

9 . 

10 . 
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14 . A drawn wire, resistance 10 ohms, is further drawn out so as to 

double its length. What is the change of resistance, if the resistivity is 
unaltered? (30) 

15 . A current of 170 mA divides between copper and silver wires, in 

parallel and of the same size and length. How much current goes 
through the silver wire? (88 mA) 

16 . What is the resistance of a bar of graphite 12 cm. long, 1 cm. in 

diameter? (Resistivity, .003 ohm cm.) (0.046 w ) 

17 . Three resistances, 20, 40, 120 ohms, are joined, in series; and then 
in parallel. Find the single equivalent resistances. (180; 12 ohms) 

18 . A framework of wires consists of four sides and one diagonal. 

Each side has a resistance of 2 ohms, and the diagonal wire has a resist¬ 
ance of 3 ohms. Find the resistance between each pair of opposite 
corners. . (1.2; 2 ohms) 

19 . The resistance of a milliammeter is 10 o>; what shunt would you 

insert to use it as an ammeter? (0.01 «) 

20. The resistance of a milliammeter is 50 o, what resistance would 

you use in series to use it as a voltmeter? (950 w ) 

21. What heat is generated in 40 minutes by 3 amperes passing 

through 20 ohms? (103,700 calories) 

22. Two wires, 5, 12 ohms resistance, are in parallel and 2 amperes 

flow so as to divide between them, for 10 minutes. Find the heat 
generated in the 5 ohm wire. (1435 calories) 
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305. Electrolysis. If two small strips of platinum are dipped in 
distilled water, it is difficult to pass a current from a battery between 
them, but on adding a few drops of acid, such as sulphuric, a current 
passes and gases appear at both plates. These gases can be collected 
and tested, and are found to be hydrogen and oxygen, the two con¬ 
stituents of water. Moreover, it is readily found, that, at the same 
temperature and pressure, the volume of hydrogen is twice the volume 
of oxygen produced; in fact, 2 H 2 O = 2 H 2 + O 2 . On placing the 
two strips of platinum in water, wherein a few crystals of copper 
sulphate, CuS0 4 , have been dissolved, it is found when a current is 
passed through the solution that copper appears at one plate, and 
oxygen gas at the other. Why oxygen? The explanation will be 
offered later (Sect. 307). If, however, both plates are made of 
copper, dipping into water and CuS0 4 , no gas appears; one plate 
loses copper, and the other gains an equal amount. 

Faraday made a most thorough examination of this process of 
chemical “loosening” by electricity, which he called electrolysis, 
while the conducting material is called the electrolyte. The two 
plates, such as those of platinum, copper, etc., he called electrodes, the 
one where the current enters, the anode (way up); where it leaves, the 
cathode (way down). The materials collecting at the electrodes he 
termed ions: at the anode, anions; at the cathode, cations. The 
term “ion” is often applied today to a charged molecule moving in 
the liquid towards the corresponding electrode. 

Faraday stated certain Laws of Electrolysis: 

I, The mass of the ion deposited or collected at either electrode is pro- 
portional to the current and proportional to the time. 

This means that m is proportional to It, or 

'm = 27{ X ", 
m = zQ 

where m is in grams, I is in amperes, t in seconds, and Q in coulombs; 
as for 2 , it is called the electrochemical equivalent, and is clearly the 
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mass in grams carried by a coulomb of electricity in the stated elec¬ 
trolyte. An electrolyte probably has the property of partial disso¬ 
ciation into ions, even when no current is passing through it. Thus 
in Fig. 333, where sulphuric acid is added to water, there are probably 
free hydrogen ions (H + , H + ) and free sulphions (S0 4 “~) always present 
in the liquid. When a difference of potential from any source is main¬ 
tained between the electrodes of the electrolytic cell, these ions begin 
to migrate, the hydrions (H + , H + ) all move in the fluid in the direction 
of the current, while the sulphions (S0 4 " ") move in the opposite direc¬ 



tion. If n+, q+, v+ are the number per cm. 3 , charge, and velocity of 
the positive ions, n_, v __ the corresponding symbols for the nega¬ 
tive ions, then the total current per cm. 2 is given numerically by 

i = n+q+v+ + n~q-v- 

where q and i are expressed in electromagnetic units. 

Further theory, founded on experiments, indicates that every 
anion, or negative ion, is an atom or molecule carrying an extra 
exact multiple of one elementary electronic charge e, while every 
kation, or positive ion, is an atom or molecule deficient of an integral 
number of such electronic charges. Those with one electron in 
excess or defect are said to be univalent (worth one); while other 
ions may be divalent, trivalent, etc. (worth two , three, etc.). In the 
above case S0 4 is divalent, or carries two electrons. This view was 
to some extent foreseen by Faraday, who also discovered Law II. 

II. JThe electrochemical equivalent is proportional to the chemical equiva¬ 
lent, or to the atomic mass divided by the valence. 
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The electrochemical equivalent (e.c.e.) of hydrogen is 0.0000104 


gram per coulomb. Now 
the reciprocal of .0000104 is 
96,500. Hence it may be 

said that one faraday, de¬ 
fined as J '96.500 coulombs, 
wlU Trans fer 1 gram of hy¬ 
drogen, 8 gram s of oxygen, 
108 of silver, 31.8 of copper, 



thenumFers denote not the 
atomic mass, but the atomic 
mass divided by the valence 
(see Fig. 334 and Table 
XXIII). Metallic and hy- 


4- — 4.—. + ~ 4* ~ 

H;Cl H 2 ;S0 4 Cu;S 0 4 Ag;N0 3 
1; 35.5 1; 48 31.8 *,48 108;62<~gm. 

carried by 1 faraday=96,500 coulombs 
Fig. 334. — Electrolysis. H and metals travel 
with the current; the other ions travel against 
the current. 


drogen ions have positive charges and travel in the direction of the 


current in each cell. 


TABLE XXIII 


Electrochemical Equivalents in Grams per Coulomb; 2 = m/Q 


Element 

Chemical Equivalent 
or 

Atomic Mass/Valence 

E.C.E. 

Silver. .. 

107.88/1 

0.0011183 

Copper. 

63.57/2 

0.0003295 

Hydrogen. 

1.008/1 

0.00001045 

Zinc. 

65.38/2 1 

0.0003387 

Oxygen. 

16.00/2 

0.0000829 

Chlorine. 

35.457/1 

0.0003671 


TABLE XXIV 


Valence in Electrolysis 


Type 

Positive 

Negative 

Monovalent. 

H + , Ag+, Na+, etc. 
Ca ++ , Zn-n-, Cu ++ 
A1+++ 

Ti++++ 

Cl" Br~ OH“ NO s - ; etc. 
SO 4 -, S0 3 — 

P 0 4 — 

Fe(CN) c - 

Divalent. 

Tri valent. 

Tetravalent. 



306. Voltameters. Since the amount of electrolyte deposited in 
any stated time is proportional to the current, it is possible to use 
an electrolytic cell .as a measurer of current. Such an instrument is 
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called a voltameter, not to be confused with voltmeter, which in¬ 
dicates e.m.f., or p.d., in volts. The standard instrument, due to 
Rayleigh, is the diver voltameter, where a cylinder of silver hangs in a 
solution of silver nitrate contained in a clean platinum bowl; the 
dry bowl must be weighed before the steady current is turned on, 
and again after it has been running for a measured time. The 
extra deposit, mass m, of silver, is then determined by a balance and 
the current in amperes is found from I = m/zt, where t is measured in 
seconds, and 2 is 0.0011183 gm./coulomb. 

The copper voltameter consists of plates of copper dipping into a 
solution of copper sulphate. Again that copper plate which has 
gained copper, namely the cathode, is weighed before and after a 
determined period, during which a steady current has been running 
through the cell. In this case I - m/zt, where z = 0.0003295 
gm./coulomb. 

307. Water Voltameter. In this apparatus two platinum elec¬ 
trodes enter two glass tubes with taps at the top, while the supply of 
water and acid can be replenished by means of a third central tube 
(Fig. 333). The two gases H 2 and 0 2 can be collected, and then- 
masses found, for a determined volume corrected to standard tem¬ 
perature and pressure. Again I = m/zt, in amperes. 

In this apparatus, as in other cases, the ions moving with the 
current are H+ ions, each atom deprived of one electron. It is 
supposed that the ions moving in the reverse direction are sulphions, 
SO 4 ", each carrying two extra electrons. In Fig. 333, SO 4 is ac¬ 
credited with 48 gm. per faraday; for the atomic mass of sulphur is 
32, that of oxygen 16, and of S0 4 , 32 + 4 X 16 = 96; half 96 = 48, 
remembering that S0 4 is divalent. It is easily seen, and measure¬ 
ment verifies, that the amount of hydrogen produced is twice that 
of oxygen. It seems that the SO 4 " - on arriving at the anode acquires, 
two H atoms from the water and frees an O atom. Oxygen atoms 
then group together to form 0 2 molecules at the anode. Both gases 
may be collected together in a eudiometer made out of stout glass 
with two small pieces of platinum wire led through the glass. When 
an electric spark is passed through the small gap between the wires, 
then an explosion occurs, a flash is seen, and the gases recombine to 
form water. Even a moderate quantity of gas gives a violent ex¬ 
plosion. 

308. Cells and Batteries. In electrolysis an electric current pro¬ 
duces chemical action; in a cell, chemical action produces an electro- 
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motive force, E, which may in turn produce a current, 7, following 
Ohm’s law, so that if R is the resistance of the entire circuit, E == /J?. 

If a number of cells in series (Fig. 335) have e.m.f.'s Ei,"%, etc., 
and resistances Ri, R 2 , etc., then the joint e.m.f. is 2E, and the joint 
resistance 2fi, so that if S is the 
outside resistance hE— (SiZ + $)/, 
or in full Ei + E 2 + • ■ * = 

(Ri + R% + • • * + E)I. The 
e.m.f.’s are added algebraically; if 
any cell is “in opposition," it is 
negative. 

If all the cells are equal and 
“in parallel/' their joint e.m.f. is 
still E y so that they are like a single larger cell; and if R is the re¬ 
sistance of any one cell, then their joint resistance is R/n, so that 
E = ( R/n + S)I', when S is the “outside" resistance of the circuit. 

It can be proved that, in order to obtain as much current and power 
as possible in the outside resistance S, it is necessary to arrange the 
cells so that their joint resistance is equal to the outside resistance. 

There are three types of cells: 

. (1) Primary cells 

. (2) Secondary cells, or accumulators, or storage cells 
: I (3) Standard cells 

309. Primary Cells. If a plate of zinc and a plate of copper are 
placed in water and if a galvanometer is attached to such a cell, no 
current is observed. But if acid (H 2 S0 4 ) is gradually added, the 
e.m.f. increases and a maximum current is reached. This may be 
called a simple voltaic cell. After sufficient acid has been added the 
current FTseen gradually to diminish, unless you shake the plates in 
the liquid. One trouble with such a cell is due to local action caused 
by small battery action between the zinc and impurities such as iron 
in the zinc. This causes a wastage of the zinc, and such local action 
may be diminished by amalgamating the zinc, that is, rubbing it with 
mercury on a piece of cotton, until the surface becomes bright. Even 
then numerous small bubbles appear, especially of hydrogen on the 
copper, which offer resistance to the current, and further set up an 
opposing or counter e.m.f. This opposition to . current is called 
polarization, a trouble which must be minimized by removing the 
hydrogen chemically. Hence such schemes as that of the Daniell 


s s 
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cell (Fig. 336), in which a porous, or unglazed, pot separates the 
respective electrodes and their associated liquids, but the latter are 
in contact in the walls of the unglazed vessel. The zinc is still 
placed in dilute H 2 S0 4 inside the porous vessel, while outside is the 

copper electrode which is placed in 
water saturated with copper sulphate 
(CuS0 4 ). 

The chemical action may be briefly 
described as follows. The sulphuric 
acid combines with the zinc to form 
zinc sulphate and hydrogen, or 
Zn + H2SO4 = ZnS0 4 + H 2 . The hy¬ 
drogen is not, however, released at the 
zinc or elsewhere, but travels probably 
as ions (H + ) towards the copper elec- 
Fig. 336. — Daniell Cell trode, passing through the moist pot. 

The hydrogen ions replace the copper 
in the molecules of copper sulphate and the copper ions adhere to 
the copper electrode which therefore gains in weight with usage. 
This stage may be described by 

H 2 + C11SO4 = H 2 S0 4 + Cu 

It is necessary to replenish the cell from time to time with a new 
zinc rod, fresh acid in the porous pot, and blue crystals of copper 
sulphate for the solution in the outer part of the cell, which otherwise 
will become more and more acid. No attempt is here given to ex¬ 
plain the chemical “affinities” doubtless due to electrical “forces” 
in the molecules, which are in truth the seat of the electromotive 
force of a cell. The Daniell cell is steady and reliable, and its e.m.f. 
is about 1.1 volt. 

The Leclanche cell is usually contained in a glass vessel holding a 
: zinc rod in a strong solution of ammonium chloride/ The positive 
1 electrode consisting of carbon, or gas coke, is packed in a porous pot 
I together with manganese dioxide (Mn0 2 ) which combines with the 
hydrogen evolved when the battery is in action. The process takes 
time, so that this cell “runs down” with usage, and recovers with 
rest. 

The Leclanche cells are often made as dry cells or batteries, although 
as a matter of fact they cease to work when they are thoroughly dry. 
The negative electrode of zinc is the outer container, while within is 
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the positive electrode of carbon, mixed with Mn 02 , glycerine, saw¬ 
dust, etc. Such batteries are cheap and portable, but their life is 
short. 

It may well be asked how does a cell work? Why does it produce 
current? Whence comes the energy? These are difficult questions 
to answer with precision and brevity. It seems probable that, when 
zinc is placed in dilute acid, zinc ions with a positive charge go into 
solution leaving the zinc rod strongly negative . The same is true in 
kind with copper, but to a less extent, that is, copper ions also go 
into solution and tend to make the copper plate negative; fewer 
Cu ions go into solution, so that the zinc has more negative potential 
than the copper, as may be proved by an electroscope when the cir¬ 
cuit is open. When the circuit is closed the same thing occurs, so 
that the copper is positive to the zinc, and chemical action by the 
H2SO4 continues to wear away the zinc, and the electrical energy is 
derived from the chemical energy. 

310. Standard Cell (Weston). The Weston is a primary cell, 
never used to produce current but used as a standard of e.m.f. or 
potential difference, as with the po¬ 
tentiometer. 

The Weston cell consists of cad¬ 
mium, cadmium sulphate, mercury 
sulphate, and mercury. The e.m.f. 
is 1.0183 volts, varying 0.00004 volt 
per 1° C. The construction is shown 
in the diagram (Fig. 337). 

All chemicals used in making such 
cells must be pure to ensure a con¬ 
stant e.m.f. over many years. 

311. Storage Cells, Secondary 
Cells, or Accumulators. It will be 
noted that all these primary cells in¬ 
volve the consumption of certain materials, such as zinc and sulphuric 
acid, which have to be replaced from time to time. The question 
arose as to whether it was possible to make storage cells in which en¬ 
ergy could be chemically stored, or accumulated, by electrolysis, and 
allowed to discharge as a battery when and where required. Plante, 
in 1860, found that two plates of lead placed in water with H 2 S0 4 
met these requirements, but a long series of charging and discharging 
was necessary to get the plates in an efficient state. Faure found 


r\ 


r\ 



Solution 

CdSO. and Water 


[o^iJ Crystal CdS0 4 
H s and Cd(l0%) 


E.M.F. 1.0183 volts 

337. — The Weston Standard Cell 
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chemical methods of speeding both manufacture and preparation by 
using a preliminary coating of red lead (litharge). 

312. Lead Cell. In its present form the usual secondary cell con¬ 
sists of a container with two or more plates of prepared lead in 
sulphuric acid and water. The negative plates may have grids con¬ 
taining lead oxide, PbO, and the positive have grids with red lead, 
Pb 3 04 . These cells are “ charged ” by driving a current through them 
with a superior e.m.f., in the direction reverse to discharge. One 
plate then becomes coated with Pb0 2 (+) and the other becomes 

■ lead (-) in a spongy state. 

With usage the battery discharges and both plates tend towards a 
coating of PbS0 4 , lead sulphate, at the expense of the H 2 S0 4 . Hence 
a hydrometer is used to test the density of the fluid, which, as it loses 
the H 2 SO 4 , becomes lighter, until the time comes to recharge, after 
which the specific gravity returns to 1 . 21 . 

Storage batteries need to be kept in use by charging and recharging 
at moderate rates. They must be clean, and replenished with water 
as it evaporates. This cell has very steady e.m.f., a low internal 
resistance, and an e.m.f. of 2.1 volts, which falls off only when charg¬ 
ing becomes necessary. 

313. Edison Cell. The two metals employed are steel (+) and 
nickel (—), and the electrolyte is water with caustic potash, KOH. 
These storage cells are light, robust, “fool proof,” and durable. 
The e.m.f. is not so steady as that of the lead cell, and it is 
lower, 1.2 volts. Both the steel and nickel plates are specially 
prepared. 

314. Applications. It is to be remembered that any two dissimi¬ 
lar metals in any electrolyte will give an e.m.f. Thus a large ship 
at sea can be detected 400 yards away with two nonpolarizable 
electrodes in the sea connected to a microammeter on a boat, because 
the different metals, steel, bronze, etc., of the ship in the sea water 
act as a battery and cause widespread currents in sea water. 

Sulphide ore-bodies slowly decompose by surface water, and though 
hidden many feet underground can be detected and traced by suit¬ 
able electrodes, placed in good contact with the surface of the earth, 
leading to a microammeter, or to a potentiometer. 

In 1806, Sir Humphrey Davy first obtained small quantities of 
metallic sodium and potassium by electrolysis. Today it is hardly 
possible to overestimate the importance of electrochemical and elec¬ 
trometallurgical operations, for the extracting and refining of such 
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metals as gold, silver, lead, zinc, copper, etc. For example, the 
output of copper from all the mines of the world exceeds a million 
tons a year, and at least three quarters of this is refined electrically. 
Moreover, the “sludge” in the cells, containing gold, silver, platinum, 
etc., in many cases pays for the process. To give another example, 
aluminum is extracted from the mineral bauxite, which must first be 
fused at a high temperature. This mineral contains a large percent¬ 
age of alumina, AI2O3. The crude aluminum thus obtained is further 
refined by a second electrolytic process. 

Electroplating, that is the depositing of a coating of metal such as 
silver, copper, nickel, chromium, etc., on a conductor is extensively 
used in manufacturing and the arts. For example, the plates from 
which books are printed are made by electroplating. A wax im¬ 
pression of the type is covered with graphite to give a conducting 
surface on which copper is deposited. The wax is then removed and 
the thin sheet of copper is backed with type metal to make a durable 
plate. 

★ 315. On the Nature of a Current. In a gram of copper there 
are about 10 22 atoms of copper. At room temperature these are in a 
state of irregular agitation with an average velocity of a few hundred 
feet a second. There are probably present in a gram of copper an 
equal number of free electrons, unattached to the copper atoms, 
which are moving about in the copper with an average speed of at 
least 25 miles a second. It is no wonder then that when a wire made 
of metal, such as tungsten, is made white hot, some of the electrons 
manage to escape from the surface. 

When a voltage is applied to a conductor, it requires about 10 19 
electrons to carry past any stated cross section of that conductor in 
one second a current of one ampere. These must move more swiftly 
when the cross section of the wire is small. To pass one ampere 
through a copper w T ire, one millimeter in diameter, demands a general 
translational velocity of the electrons of one-thousandth of a centi¬ 
meter a second; this general drift of the electrons, at a snail's pace, is 
superimposed on the wild turbulence of their random swift motion. 

Work must be done to secure the general drift, and an amount of 
heat is generated proportional to the work done. This is perhaps the 
true picture behind such prosaic statements as w = qv, p = iv, 
w = Jh. 

Similar calculations show that, in electrolysis, the motion of ions 
in a fluid is slow. When driven by a field of one volt per centimeter 
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the following are the velocities, in cm. sec. -1 , of the various ions 
through water, w T hen the solution is weak. 

H + 0.00329 cm. sec. -1 

CP 0.00068 

Cu ++ 0.00048 

OH“ 0.00182 

S0 4 "~ 0.00071 

Air, or any gas, can be made conducting, or “ionized” by passing 
Rontgen or X-rays through it (Sect. 365). If the gas is between 
two parallel metal plates maintained at a constant difference of 
potential, then a steady current will pass from plate to plate, carried 
by “ions ” which are positively charged and negatively charged 
atoms or molecules of the gas, moving in opposite directions. 

In air at 0° C., and 760 mm. mercury pressure, the gaseous ions, 
as might be expected, are highly mobile, so that under an electric 
intensity of one volt per cm. the velocities in cm. sec. -1 are as follows, 
for various dry gases. 



Positive Ions 

Negative Ions 

h 2 

6.7 

7.9 

He 

5.09 

6.31 

o 2 

1.36 

1.85 

Air 

1.36 

1.87 

C0 2 

0.83 

0.92 

CC1 4 

0.30 

0.31 


316. Thermoelectricity. If the junction of twm dissimilar metals 
is heated, while the other junctions in the circuit are maintained at 
any constant temperature, then an electromotive force is in general 
produced across the heated junction. This is true also if the junction 
is cooled, but the direction of the e.m.f. is then reversed. This 
phenomenon is known from its discoverer as the Seebeck effect. 

Connect two copper wires to a galvanometer of high resistance, or 
better, to a potentiometer. Fasten the other ends of the copper to 
the ends of a piece of iron wire, and keep one junction at 0° C. in 
some melting ice, while the other end is gradually heated to known 
temperatures. The relation between the measured e.m.f. in volts, 
and the temperature in degrees centigrade, may be seen in Fig. 338, 
and the graph is a parabola. The e.m.f. reaches a maximum (0.002 
volt), if the cold junction is at 0° C., when the hot junction is at 
270° C. The e.m.f. decreases with further rise of temperature, and 
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becomes zero at 540° C., after which the e.m.f. is negative and con¬ 
tinually increasing. 

Such thermojunctions, or thermocouples, can be calibrated so as to' 
measure temperature under conditions where a thermometer would 
be too cumbersome. Various “couples” can be used; iron-copper, 
bismuth-antimony, platinum-rhodium, or alloys such as chromel- 
alumel. It is sometimes useful to remember that the e.m.f. at a hot 
junction is from copper to iron; or from bismuth to antimony. 

Where there are a number of junctions the algebraic sum of 
separate effects must be considered. A useful aDDlie.fl.Hn 
mopile (Fig. 339) where a number of junctions ar 
all the cool ones are on one side of the pile, and all 
the other side. Coated with lamp black the fan 



Degrees centigrade 
of hot junction 


Fig. 338. — Seebeck Effect. Voltage- 
Temperature Parabola 


Bi 



Galv> 


Sb 


Fig. 339. — Linear Thermopile 


and so the apparatus connected to a sensitive galvanometer will 
readily show the radiation due to the infrared rays (beyond visible), 
particularly when the spectrum is produced with a carbon arc, rock 
salt lens, and rock salt prism. (See Sect. 474.) 

The slope of the tangent to the parabola (Fig. 338) has the un¬ 
fortunate name of thermoelectric power , and it is the increase of e.m.f. 
per 1° rise of temperature. It is necessarily represented by a straight 
line, when plotted against degrees centigrade. The whole theory 
was worked out by P. G. Tait, who selected lead with which to com¬ 
pare all other metals. 

Of great interest is the Peltier effect, which is the reverse process to 
the Seebeck effect. This can readily be shown by sending from a 
battery a small current for a short time through a thermopile, which 
was originally at a uniform temperature. On switching swiftly the 
thermopile from the battery to a galvanometer, it will be found that 
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one set of junctions was cooled and the other heated by the passage of the 
current A safer plan is to use a Seebeck cross with a bismuth and 
antimony junction (Fig. 340), heated by the Peltier effect due to the 
current from the battery flowing for a short period of time. The 
battery key is then opened, and the galvanometer key quickly closed, 
and a deflection will be noted due to the e.m.f. f (Seebeck effect) 
at the heated junction. If the battery connections are reversed it 
will be found that the junction is cooled by the passage of the current. 

Thus Seebeck found that if a bis¬ 
muth-antimony junction was heated , 
a current tended to flow through it 
in the direction bismuth to antimony. 
Peltier showed that if a current 
flowed across a junction in the direc¬ 
tion bismuth to antimony, then that 
junction was cooled . The two effects 
are thus reciprocal. 

An interesting experiment is to 
take a long straight iron wire and 
connect it to a sensitive galvanom- 



Heat the wire with a steady flame until it is red hot. The 
Next move the flame slowly along the 


eter. 

galvanometer is not affected, 
wire in either direction and there is a deflection, which reverses when 
the motion of the flame is reversed. No doubt the red hot iron is 
physically very different from the cold iron, and the moving flame is 
heating one dissimilar junction while the other is cooling. It is a 
case of Seebeck’s effect. 

PROBLEMS 


1. In a copper voltameter how much copper is deposited in 30.5 minutes 

by a current of 0.37 ampere? (z — 0.000328 gm./coulomb; 0.22 gm.) 

2. A certain quantity of electricity releases 2.3 X 10~ 4 gm. hydrogen, 

how much silver would it release? (0.026 gm.) 

3. What quantity of electricity would be required to derive a liter of 

oxygen from water and acid? Density .001430 gm. cm." 3 ; z = .00008283 
gm./coulomb. (17,200 coulombs) 

4. Three cells in series, each e.m.f. 2.1 volts, send a current through 3 meg¬ 
ohms. Find the current. (2.1 M A) 

5. There are 12 cells with 3 rows of 4 in series, and the internal resistance 
of each is 0.3 ohm. Find the current through an outside resistance of 10 
ohms, if each cell has an e.m.f. of 1.4 volts. (0,538 amp.) How could you 
get a larger current? ’ 
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ELECTRICITY, MAGNETIC FIELDS, AND MOTION 

317. Magnetic Fields and Electric Currents. It is possible to 

study the nature of the magnetic lines of force near wires carrying 

electric currents, either by the use 

of iron filings, or of a compass - 

needle, as already explained in the 

chapter on magnetism. Oersted’s 

famous discovery of a magnetic field ft* 

round a wire, carrying a current, has j f 

already been illustrated (Sect. 283, ■ 

Fig. 313) in this manner. In the (a) 

case of a long insulated wire com- FlG ‘ 3 / 4 ( , ~ HonzontaILinesof Foroes - 
,, , . , . , .. (a). Flat Coil. ( b) Solenoid 

pactly wound into a circular coil, 

having many turns, it may be shown that the magnetic fines thread 
the coil, each fine forming a closed path as in Fig. 341. One face of 

the coil behaves like a 
south pole of a magnet, 
which would attract the 
north pole of a compass 
needle outside the coil, while 
the opposite face resembles 
§| a north pole, attracting the 
south pole of a magnet. 

If the north pole end of a 
magnet is placed near the 
north pole face of the coil 
Fi G . 342 there will be mutual repul¬ 

sion between the two bodies. 
In Fig. 342 the lines of force threading the coil are pushed back, as it 
were, by the fines from the bar magnet, and the shapes of the curves 
are clearly shown in the photograph of the iron filings. If these fines 
of force are endowed with a certain reality, and regarded as tubes 
which are under tension, while each tube pushes sideways on its 
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neighbors, then it is possible to understand the point of view of 
Faraday, and to imagine that the two bodies — coil and magnet — 
are thrust apart or repelled in virtue of the forces exerted by the 
magnetic lines. Perhaps this may be too crude a picture, but it 
will certainly be found helpful. 

If the coil is not wound compactly, but is given the form of a 
screw, or helix (Fig. 341), it is called a solenoid, from the Greek word 
for a tube. The magnetic lines, due to a current, now thread the 
solenoid, almost from end to end inside, and each makes a completed 
circuit on the outside. Such a solenoid, when the electric current is 
flowing through it, resembles a bar magnet with a north pole at one 
end and a south pole at the other. 

318. Attraction and Repulsion. If two coils are placed side by 
side, and if equal currents pass in the same direction through both, 



Fig. 343 Fig. 344 


then the lines of force are as shown in Fig. 343, and a field, almost 
uniform, is produced in the central region between the coils. The 
magnetic lines suggest that the coils attract one another, which may 
be verified by hanging the two coils side by side and passing a cur¬ 
rent through them. In fac t, coils with like currents attract one 
another. 

In Fig. 344 there is shown the change that comes over the scene 
when the current is reversed in one coil only. It is noted at once 


that^coils with currents in opposite directions (unEke). repel one an¬ 
other. " 

The de la Rive floating battery (Fig. 345) consists of a cork belt 
supporting a light glass jar containing acidulated water into which 
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dip copper and zinc plates, and this simple cell is connected to 
an upper vertical coil, through which the current passes. This 
apparatus is very convenient for noting the attraction, or repulsion, 
between the vertical coil and a magnet 
held in the hand; or a second coil r—~ 

with a current passing through it may 
be substituted for the magnet. 

319. Electromagnets. There is a 
marked increase in the magnetic 
effects due to a solenoid when the in¬ 
terior is filled with iron in place of air. 

The iron may consist of filings in a 
convenient tube, of a bundle of longi¬ 
tudinal wires, or of a solid cylinder. 

It is better to use soft iron rather than 
steel for this purpose. The compari- 
son between Fig. 346, which sho.ws P ~ R iv 7 F i^tmg 

the lines of force when the solenoid Battery 

has not an iron core, and Fig. 347, 

when the core of the solenoid is filled with iron, is impressive. The 
number of oscillations per second of a compass needle in any fixed 
position near the solenoid is greater with an iron core than without an 




Fig. 346 Fig. 347 


iron core, for a fixed current through the turns of the solenoid. The 
increase of the strength of the field is proved by the increase of the 
number of oscillations per second (see Sect. 248). It is clear then that 
magnetism can be induced in a bar of soft iron by meaSTof anelectric 
current pa ssing along an insulated wire wound in a spiral, or helix, 
miiBlJdie,„b.ar. The method of winding, and the polarity resulting 
from a given current, are shown in Fig. 348 (a). Just as there are bar 
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T* 


(a) 


and horseshoe magnets, so too there are bar and horseshoe electro¬ 
magnets. Figure 348 (6) is a diagram showing the method of winding 

a horseshoe electromagnet. 
t NS The pole pieces, also made 

- of iron, can have flat or 
M fcd conical ends, and the air gap 
can be adjusted according 
( 5 ) to requirements. In Fig. 

Fig 34S 349 is shown a large type of 

electromagnet, with its iron 
.circuit, adjustable air gap, and coils with many turns. The num¬ 
ber of lines passing the gap from pole to pole is largely dependent on 
the strength of the current, 
and on the total number of 
turns of ware going round 
the iron. With this appara¬ 
tus, for example, it may be 
shown that liquid oxygen is 
rather strongly magnetic, 
for, on pouring it slowdy be¬ 
tween the poles, it quickly 
forms a cylindrical, or barrel¬ 
shaped, body stretching from 
pole to pole. Water, or mer¬ 
cury, will pass between the 
poles apparently unaffected. 

Battery 

Mill— 



Fig. 349. — Electromagnet 


Spring Soft iron 


- 




, ' 


V 

u 

1 


Interrupter 
C _ 

Q Hammer 


An electromagnet is used 
in the ordinary electric bell 
(Fig. 350). When the 
button is pressed, or the 
switch closed, a current 
passes round the electro¬ 
magnet which then at¬ 
tracts a small bar of soft 
iron attached to a spring, 
at the far end of which is 
a hammer striking a gong. 
When the soft iron bar is 
attracted, however, the circuit is broken, and the current stopped 
at a special contact, or interrupter C. The spring then forces the 



H-l-0 


Gong 


Distant 
bell push 

Fig. 350. ■ 


- Electric Bell 
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iron back again, and the whole process is repeated, with repeated 
ringing of the bell. A small transformer with alternating current 
may replace the battery. 

320. Ampere’s Experiments and Laplace’s 
Law. Soon after Oersted's discovery of the 
magnetic effects due to an electric current, 

Ampere established fundamental relations 
which are most readily described with the help 
of a diagram (Fig. 351). 

Suppose that a current is flowing in a wire Fig> 351 

from A to B. Consider a short element of the 

wire, namely KL , having a length l cm. Then the magnetic intensity, 
or force in dynes on unit pole, at a point P, due to the current in 
the element KL only , is 

(1) inversely proportional to the square of the distance r between 
P and K , 

(2) proportional to the current i, 

(3) proportional to the length KL, 

(4) proportional to the sine of the angle d between KL and KP, 

(5) perpendicular to the plane LKP\ in this case perpendicular to 
the plane of the paper and away from the reader. 

All this was summarized by Laplace in the law that the whole 
magnetic intensity at P is the vector sum of such expressions as 
(ilsmd)/r 2 for all the elements, such as KL, through which the 
current passes. If this law is applied to a circular coil, having a 
sirgle turn, and if the point P is moved to the center C, then r be¬ 
comes the radius, 6 is a right angle, so that sin 0 = 1, and the sum of 
the elements such as KL make up the circumference 2 xr. Hence 
the force on unit pole at the center is (2 xn) /r 1 or 2 iri/r dynes, a re¬ 
sult already used in Sect. 285, 286. 

If there are n turns, closely compacted together in a circular coil, 
the magnetic intensity at the center is given by 

H = oersteds 
r 

In the case of a very long straight wire, carrying a current i, the 
value of H at a distance d from the wire may be proved, from La¬ 
place’s law, to equal 2 i/d. This result can also be confirmed by 
direct experiment. 
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In all the above results i can be replaced by 1/ 10, if the current is 
expressed as I amperes, instead of i e.m.u. of current, for no other 
reason than that by definition one ampere is one tenth of the e.m.u. 
of current, so that 20 amperes and 2 e.m.u. represent the same current. 

321. Electric Current, Magnetism, and Work. If a unit pole is at 
distance d from a long straight wire carrying a current i then the 
force on that pole is 2 i/d. If the pole is forced round the wire in a 
circular path, so that a point on the wire is at the center of the circle, 
then the work done is measurable as force X displacement, and in 
this case the work done is 2 i/d multiplied by the circumference 
2 X d. Hence the work done on the unit pole is 2ird X 2 i/d or 

Ci «>rgs7aresuir6f importance.'' The work done must be the same 
whatever" the "path, once round the wire, may be. Otherwise by 
going along one route and returning the opposite way round the 
other, there would be a gain or loss of energy, without any other 
change, contrary to the principle of the conservation of energy. 
If the wire is easily flexible, it can be changed in shape without in¬ 
fluencing the above result. The work done on a pole of strength 
m passing once round any wire carrying current i is 4 rmi. If 
such a pole goes through and round any coil of N turns this becomes 
4 7i -mNi ergs. 

322. Solenoid. The case of a long solenoid (Fig. 352) is of special 
interest. If the length is Z, the total numbers of turns N, and the 

number of turns per centimeter n , then 
jv Total turns jf — n \ m The magnetic intensity, in¬ 

side the solenoid, away from the ends, 
may be denoted by H. Thus the work 
* done, in taking unit pole all the way 
along the inside of the solenoid and re¬ 
turning by an outside path to the start¬ 
ing point may be expressed, approxi¬ 
mately, in two different ways. The work on unit pole inside is Hl, 
and on the outside is negligible. Also by the previous section the 
work is 4 rNi, since the pole goes completely round N turns, so that: 

or H = 

or H — Iq- (amperes X turns per < 


where H is given in oersteds. 
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323. Motion of Conductors in a Magnetic Field. Since an electric 
current can move either end of a magnet, it may be expected that a 
free conductor, carrying a current, will be moved by a magnetic field, 
and simple experiments (Fig. 353) show that such is. the case. If a 
straight vertical wire is suspended be¬ 
tween the poles of an electromagnet, and 
if at the top of the wire there is a flexible 
conductor, and if the lower end dips into 
a little pool of mercury, then on connect¬ 
ing the ends of the wire with a battery, 
it will be noted that the wire actually 
moves sideways , that is at right angles 
both to the wire and to the direction of 
the magnetic lines. 

' One of the earliest illustrations of this 
type of motion was Barlow’s wheel, Fig. 

354 (a) and ( b ). In this case a copper disk is free to turn round a 
central axle, to which a current flows by a wire from a battery. The 
current then passes down the wheel to a small pool of mercury 



Fig. 353 



into which the rim of the wheel dips, and from the pool along an¬ 
other wire to the other pole of the battery. The wheel does not 
rotate! If, however, a strong horseshoe magnet is now placed so 
that the lines of force are at right angles to the lower part of the 
copper wheel, then rotation does take place, as above explained, for 
the lower part of the wheel is a conductor, with a current, in a mag¬ 
netic field. 

It may be desirable to form a physical picture by considering the 
nature of the lines of force. In Fig. 355 are shown (a) parallel lines 
of magnetic force, (6) the circular lines of magnetic force round a 
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(b) 

Fie. 355 


conducting wire, and (c) the lines of force when these two fields are 
combined together. The distribution of the lines suggests that the 

wire will be forced to move, if possi- 
kle, downwards from the stronger to 

. HIH | || the weaker field around it. 

si (mfy tp^ ^ magnetic field round a conducting 

% m wire, placed between two magnets, is 

% bm 1 '' UrrSn shown clearly (Fig. 356) by the help 

F of a photograph of the actual distri- 
^ ^ bution of iron filings. The resulting 

upward motion of the conductor, if 
free, with relation to the fixed magnets, may be inferred, almost as 
if a bullet were shot from a catapult by a number of elastic cords. 
The force F on the conduct¬ 
ing wire may be measured 
in dynes, and experiments 
show that this force is pro¬ 
portional to 

(1) the strength of the 
field H (strictly, the 
induction B) } 

(2) the length of the 
wire l , 

(3) the strength of the 
current L 

Fig. 356 

In brief, F -JU l, a result 

which may be obtained from Laplace’s law. The proof may be in¬ 
dicated as follows. It is known (Sect. 320) that the force on a pole 
having strength m at the center of a one-turn coil of radius r, with 
a current i, is expressed by 

F - or length X — . 



Since action and reaction are equal and opposite, this must be the 
force of the magnetic pole on the entire circular length of the coil, 
so that the force per unit length of the coil is m/r 2 X i. But m/r 2 is 
the magnetic intensity H (strictly B ) due to m at the circumference, 
hence the force per unit length is Hi dynes. This is true for any short 
length of a conductor and so it may be extended to a straight wire of 
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length l in a field of strength H at right angles to it; 


357 (a), 


F = HU 


hence, Fig. 


If the field makes an angle 9 with the wire then only the component 
of the field, H sin 6 at right angles 
to the wire is effective, Fig. 357 (6), 

and .-_ 

F = HU sin i 

324. Forces between Conduc¬ 
tors Carrying Currents. It is clear 
that when two conductors carry currents that each is in the magnetic 
field of the other. It has been shown that a conductor, with a cur¬ 
rent, in a magnetic field is subject to a force. Hence there must be 
attractions, repulsions, or torques on each of two conductors, which, 
being action and reaction, must be equal and opposite. The simplest 
example is that of two parallel wires A and B at a distance d apart, 
A carrying a current i, B a current i'. The magnetic intensity at B 




every centimeter of B will be equal to the current multiplied by the 
magnetic intensity or 2 ii'/d, where i, i' are in e.m.u. If the cur¬ 
rents are expressed as /, V amperes. .. then the force in dynes on every 
centimeter of either wire is j2 iTVl OO < 

As regards the direction oft^TorceTthere are various rules which 
may be given, but it is perhaps easier to think of the lines of magnetic 
forces. If the currents are like (Fig. 358), or flowing in the same 
direction, the conductors will attract one another and their joint lines 
of force will encircle both wires at some little distance away; this 
indicates an attractive force, almost as if rubber bands were placed 
round them. With unlike (Fig. 359) currents in opposite directions 
the lines of force indicate repulsion. 
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When the two conducting wires are inclined at an angle, they tend 
to lessen the acute angle for like, and to increase the angle for unlike, 
currents. 

325. Rotation of a Coil with a Current Due to a Magnetic Field. 

If a vertical rectangular coil of height l is placed in a magnetic field as 
in Fig. 357 (c), then there will be a force HU on the left side towards the 
reader, a force on the right side from the reader, and no forces on the 

top or bottom of the rec¬ 
tangle. If the breadth of 
the rectangle is b, then the 
moment of the couple, or 
torque, is the product of 
either force and the perpen¬ 
dicular distance between the 
forces, and in this case the 
torque in centimeter-dynes 
is 

Hilby or HiA 

where A is the area of the 
rectangle. If there are n 
turns to the coil this result must be multiplied by n, if every turn has 
the same area. In Fig. 360 there is a horizontal section passing 
through two magnets, and cutting the two vertical sides of the rec¬ 
tangle. The photograph of the actual iron filings indicates the lines 
of force and shows that, in this case, rotation of the coil is clockwise. 

326. Generation of Electromotive Force by the Motion of Con¬ 
ductors in a Magnetic Field. Since it has been shown that a wire 
carrying a current is subject to force in a magnetic field, it may be 
expected that forced motion of a conducting body in a magnetic 
field will produce a difference of potential which under suitable 
conditions will produce a current. For example, in Fig. 353, if the 
wire is forced to move to, or from, the reader there will be a potential 
difference between the end of the moving wire, and this can be 
indicated by connecting the ends of the wire to a sensitive galvanome¬ 
ter. This device, which tends to produce a transfer of electricity, 
may be said to have an electromotive force, measurable by the 
difference of potential (in e.m.u., or in volts) between the terminals 
on open circuit. 

The idea that a motor may be a generator, and a generator a motor, 



Fig. 360 
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is well explained with reference to Fig. 354 where the same apparatus 
may be used (1) to produce motion, when the device is named Bar¬ 


low’s wheel, and (2) to gener¬ 
ate a current by the e.m.f. 
between its terminals, in 
which case it is called 
Faraday’s disk. If the bat¬ 
tery, as drawn in the diagram, 
is removed and replaced by a 
galvanometer, then on turn¬ 
ing the disk by hand the 
e.m.f., e, between the center 
and the rim in the mercury, 
will produce a current i the 
magnitude of which will de¬ 
pend upon the resistance r in 
the circuit, for by Ohm’s law 
e = rf, and E = RI 



Fig. 361. — Two troughs in a board are filled 
with mercury, and a metal bridge PQ, hori¬ 
zontal length l between the pools, is floating 
on the mercury. A field, H oersteds, acts 
perpendicular to the pool, and towards the 
reader. A battery produces current i as 
shown. The bridge is acted upon by a force 
Hil dynes to the right. 



where the latter is expressed 
in practical units. 

It is desirable to compare 
Figs. 361 and 362, the one a 
motor, the other a generator, 
each of the simplest possible type from a theoretical point of view. 
It is possible to show that if a conductor of length l moves, with 
velocity v, across and at right angles to a magnetic field of strength 
H oersteds, then the electromotive force e, or difference of potential 
between the ends on open circuit, is proportional to (1) the length, 
(2) the field strength, and (3) the velocity. In fact 


Pig. 362. — The bridge PQ, length l t is moved to 
the right with velocity v, keeping contact with 
the mercury pools. H is upwards and towards 
you. The e.m.f. = Hlv is between P and Q 
and will produce a current = e.m.f./resistance 
of circuit. 


e^Hlv 


The value of e can be reduced to volts by dividing by 10 8 . 

Proof. In Fig. 361 where the force HU dynes acts to the right, let 
it do work by moving a distance x, then w the work done, in ergs, is 
given by 

w = Hilx 

and if this result is divided by t, the time of steady movement, then 
the power p, or rate of working, is 

Hilx 
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But the power is also the current multiplied by the e.m.f., e, or 

p — ie 
iHlx 

Hence ie = 

Note that the current now cancels, so that the following holds for 
all values of i, however small, and is true when there is no battery. 

Hlx 
e = 

or e = HlVj numerically 

Note that this important result can be expressed in another form. 
The area A traversed in time t is equal to lx, so that e = HA/t. 
Moreover, in air, there will be H lines per square centimeter at right 
angles to A, so that the e.m.f. is equal to the total lines cut divided by 
the time of cutting them, provided that the field is uniform. 

There has been some insistence on the generation of electromotive 
force between the ends of a conductor cutting lines of magnetic in¬ 
duction, because some crucial experiments seem to indicate that this 
view is more correct than the earlier one, due to Faraday, namely that 
electromotive force is due to the rate of change of the total lines, or 
magnetic flux, through a conducting circuit. It will be well to 
consider Faraday's experiments and results, which in the main stand 
today. 


ELECTROMAGNETIC INDUCTION 

327. General Principles. The principles of induction were dis¬ 
covered by Faraday, who carried out a series of fundamental experi¬ 
ments of the following nature. 

Connect a coil or solenoid to a galvanometer (Fig. 363) and bring 
the face of the coil and one end of a magnet towards each other. So 
long as they are approaching one another a current is observed in the 
galvanometer. This current is transient; it persists only during the 
approach. When the coil and magnet are separating from each other, 
again a transient current is observed, but in the reverse direction. 
The same type of experiment may be made by bringing the face of a 
coil, carrying a current, to or from the face of a second coil connected 
to the galvanometer. Numerous experiments form the basis for a 
law, due to Lena, that asjregards direction the induced current is in 
su ch a direction as to oppose the motion which produces it, an idea in 
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Hundred 


good accord with the principle of the Conservation of Energy; 
for the electrical power developed is due to the rate of expenditure 
of mechanical work in forcing the conductors together, and it has 
already been pointed out that unlike currents in conductors involve 
repulsive forces. Fara¬ 
day got to the root of 
the whole matter by 
stating that the induced 
currents were due to an 
electromotive force in 
e.m.u. equal to the time- 
rate of change of the 
whole number of lines 
multiplied by the number 



of tu rns of the coil through Fig. 363. — Electromagnetic Induction 

which they passed. 

Suppose that 100,000 lines pass through every turn of a coil having 
30 turns, then the total lines X turns in this case is three million; 
if in a hundredth part of a second these are reduced to two million, 
then the rate of change is one million in second, or 10 8 in one 
second; so that the e.m.f. = 10 s e.m.u. = 1 volt. This law of Fara¬ 
day is easily explained by a graph (Fig. 363). Suppose that at the 
beginning the total lines X turns passing through a coil were 3 X 10 8 , 
and at successive tenths of a second these increased until at § 
second the value had become 4.2 X 10 8 ; at 1 second 9 X 10 s ; and 
at second, let the value be 5.2 X 10 s , as indicated by the point P. 
Draw the tangent at P, and the rate of change is always given by 
tangent 6 . For example, at 0.7 second, this is 5.2 X 10 s divided by 
the base, second, and this gives 5.8 X 10 8 e.m.u., or 5.8 volts. 

Later on it will be seen that every generator involves coils cutting 
magnetic lines of induction, when the lines multiplied by turns are 
rapidly varying with time. The greater the value of this, (change 
of lines X turns)/time, the higher the voltage of the generator, which 
requires a strong magnetic field, many turns of wire, and swift mo¬ 
tion or rotation. 

328. Eddy Currents. Arago (1786-1853) discovered (Fig. 364) that 
a rotating disk of copper tended to drag round with it a magnet 
pivoted just above or at one side and near the center of the disk, al¬ 
though a plate of glass protected the magnet from air currents. This 
result was a puzzle to all the savants of his day, and it was this problem 
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that started Faraday in his great work on electromagnetic induction. 
It now appears that the copper moving near either pole has a compli¬ 
cated distribution of induced currents in such direction as to oppose 

the motion that produces it and, since 
action and reaction are equal and oppo¬ 
site, there is a corresponding force on the 
magnet which is therefore dragged with 
the disk. Reverse the direction of rota¬ 
tion of the disk, and again the magnet 
rotates so as to follow the moving copper. 

A good example of eddy currents is this. 
Between the poles of a strong electro¬ 
magnet let fall some rather thin rectan¬ 
gular plates of different material, partic¬ 
ularly copper and aluminum. When 
there is a current through the coils of the 
electromagnet there are eddy currents 

Fig. 364. — Arago’s Experi- produced in the falling plates by the mag- 
ment netic field, and the directions of these 

eddy currents are such as to oppose the 
motion of the plates as they drop through the powerful magnetic 
field between the poles. The plates are seen to fall with impressive 
slowness. 

Finally, let a block of copper be hung by a twisted cord between 
the poles of an electromagnet. As the copper is spinning, switch 
on the current to the electromagnet and the spin is abruptly checked 
by the eddy or “Foucault” currents induced in the copper as it turns 
in a magnetic field. 

329. Induction Coil (Ruhmkorff). High e.m.f. may be obtained by 
the induction coil, Fig. 365 (a) and (5). At the center is a bundle 
of soft iron wires to increase the number of lines inside the primary 
coil, which consists of a moderate number of turns of insulated copper 
wire connected to a battery, through a “make and break” consisting 
of a soft iron “hammer” at the end of a spring, so that a platinum 
point (Pt) touching a platinum plate interrupts the current with 
considerable frequency. The secondary coil, wound round the 
primary, consists of many hundreds of feet of fine insulated copper 
wire, carefully insulated in sections and ending in two terminals, T 7 , 
T, between which sparks many inches in length can be obtained, so 
that the voltage may be hundreds of thousands of volts, although the 
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current carried is small Heavy sparking occurs at the platinum 
point, unless the precaution is taken of adding in the base of the 
instrument a condenser of large capacity consisting of many sheets of 

tin foil between oiled paper as _ 

dielectric. Instead of the oc- ~ I 

currence of a heavy spark at 
“ interruption ’ 1 or “break,” 
the e.m.f. causes a current or 
surge which charges the con¬ 
denser. As soon as the break 

is complete, the discharge of , 

the condenser sends a current ^ 

round the primary coil which 

demagnetizes the iron core. _ — - T - .^ 

It follows that the flux-turns /-Hammer 

are more abruptly changed I 

at the “break,” and there- soft iron m - 

fore the e.m.f. in the second- secondary m' M i it 

ary is enhanced in value. Primary ml _|l|l|i..Z£LLJ 

The high e.m.f. of the indue- ^ 

tion coH is due to the rapidity Fig 365 _ _ Induction Coil 

of the rate of change of the 

large number of lines in the iron core due to the current in the 
primary coil, and to the resulting quick variation of the number of lines 
passing through the secondary coil , which has also a large number of 
turns. The e.m.f. on breaking is much higher than that on making; 
hence the secondary e.m.f. is approximately unidirectional. 

In this apparatus, as in many others, a “commutator” or reversing 
key is often inserted between the battery and the induction coil. 

There are many ingenious contrivances for replacing the “make 
and break” of a platinum point. One is the electrolytic interrupter, 
where two platinum points dip into acid and water, and the gases 
evolved temporarily break the circuit, which is rapidly renewed as 
the gases escape. 

330. Alternating Current. If a coil is connected to a galvanometer, 
and rotated in any magnetic field, due to magnets, electromagnets, 
coils with currents, earth’s field, etc., then (the number of lines) X 


Fig. 365. • 


Q>) 

- Induction Coil 


(total turns of the coil) will be varying with the orientation of the coil, 
and hence there will be a varying e.m.f. If the coil is turned slowly 
then the needle of the galvanometer will go first, say, to the right, 
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return to zero, proceed to the left, and through zero to the right 
again. If the coil is turned twice a second, the period is § a second, 
and the frequency 2 cycles a second. In D.C. the electrons proceed 
along the wire in one direction; in A.C. they oscillate to and fro. 
If your electric supply is A.C., 60 cycles a second, then the electrons 
swing to and fro in the wire with a period of part of a second. 


Soft iron 


Input 


1 'ft 

© A.C. Ifr 
jGenerator 




N turns N'\ 


Output 

Jgj to transmission 
line 


Magnetic circuit 

Fig. 366. — A Step Up Transformer 


331. Transformers. A transformer can be used with alternat¬ 
ing current to “step up” (increase), or to “step down” (decrease) 
A.C. voltage. There is a soft iron, “laminated,” magnetic circuit 
(Fig. 366); “laminated” means made of thin parallel plates, which 
prevent eddy currents (Sect. 328) and ensure quick magnetization. 
On one side of this rectangular, or circular, magnetic circuit are 

wound N turns of insulated wire, 
and on the opposite side N' turns. 
The rate of change of magnetic 
flux is governed by the frequency/ 
of the primary generator G; and the 
flux is conveyed by the magnetic 
circuit in the iron through the sec¬ 
ondary coil. Hence E/E' — N/N', 
where E, E' are the e.m.f.’s of the primary and secondary circuits, 
because the number of lines and the rate of change is the same for 
both coils, so that the effective e.m.f.'s are proportional to the num¬ 
bers of turns. If there are no losses due to hysteresis (Sect. 351), eddy 
currents, etc., the power P — IE on one side is equal to the power 
P = PE' on the other side“f or example, if N' = 10 N, then E' = 
10 E, and l r — T V I, for full efficiency. Of course there are some 
losses, but a transformer may be more than 95 per cent efficient. 

Power is economically transmitted long distances at high voltage 
and low current, because heat losses vary as the square of the current. 
These dangerous high voltages must be transformed into lower on 
entry to towns, and yet lower in house distribution. 

332. Generators. There are three main types: 


j (1) Magneto 

j (2) Direct current generator, formerly called a dynamo 
; (3) Alternating current generator, or alternator 


In every ease, either coils are moved in a magnetic field, or a magnetic 
field is moved past fixed coils. 

The two methods of collection are (Fig. 367) a split ring used 
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with D.C. and two separate complete rings used with A.C.; in each 
case suitable copper or carbon brushes press firmly on the rings, 
in a position to prevent 
sparking. 

In the magneto, as the 
name implies, a perma¬ 
nent magnet produces 
the necessary field, but, 
in the case of generators, 
electromagnets are em¬ 
ployed; * for the D.C. 
generator the circuit of 
the electromagnet may be in series, or in parallel with the main cur¬ 
rent generated (Fig. 368), or there may be a combination of both 
schemes. With the A.C. generator the field magnets must be excited 
with a current from a separate D.C. generator. 

In the diagram (Fig. 367) a single turn coil is drawn for simplicity 
of explanation. When the coil has turned through two right angles 

the current is reversed in 


ator the two halves of the 
-» split ring, of course insulated 
from each other, have 
J changed places with reference 
to the brushes, so that the 
current, though reversed in 
the coil, is in the same direc¬ 
tion as before in the “mains” 
leading to lamps, etc. 


Lamps, etc. Lamps, etc. 




Fig. 368. — Field Magnet Connections 



Coil, two rings and brushes Split rings and brushes 
A. C. D. C. 

Fig. 367 


The e.m.f. depends on the 
rate of change of the “lines X turns” in the coils, that is, to the rate 
of change of nAB cos 6 at the instant when a normal or perpendicular 
to the plane of the coil makes an angle 0 with the direction of the 
magnetic field; it can be proved, as a direct consequence, that the 
voltage -. 

: E = Jq 8 nA B 2 7r/ sin 0 

where E is the e.m.f. in voIts7Vtle~humber of turns, A is the average 
area of the coil, / the frequency, and B the flux density, or lines per 
square centimeter. 
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Proof. In Fig. 367 let 9 become 9 - a after a very short time t, 
then the rate of change of cos 6 is 

cos (6 — a) — cos 9 
t 

cos 6 cos a + sin 9 sin a — cos 9 
or t 

If a is a small angle cos a is nearly unity, and sin a is nearly a 
radians, and hence the rate of change of cos 9 is (a/t) sin 9. Here a/t 
is -an angular velocity co, or 2 wf, where / is expressed in revolutions 
per second. If the direction of rotation is reversed, then the direc¬ 
tion of the e.m.f., and of the resulting current, will be reversed also. 

Here E is the e.m.f. in volts, n is 
the number of turns, A is the 
area in cm. 2 , B is the flux density, 
or lines/cm. 2 , / is the frequency 
of rotation in cycles/sec., and 9 
is the angle above stated. 

The e.m.f. therefore follows a 
“sine curve” and is “sinoidal,” 
or “sinusoidal” under perfect 
conditions, but frequently there 
are “harmonics” present which 
deform the shape of the curve. 
The e.m.f. is greatest at the mo¬ 
ment when the plane of the coil is parallel to the field and the lines 
are changing rapidly in their passage through first one face of the coil 
and then the other. When the coil is perpendicular to the lines the 
rate of change of lines is zero for an instant, and the e.m.f. is also 
zero. In the D.C. generator the e.m.f. is by no means steady as with 
a battery. On the contrary, it is really a “rectified” A.C., with al¬ 
ternate parts of the curve turned over from negative to positive. 
(See Fig. 369.) Note that in all cases the e.m.f. is proportional to 
the frequency. 

★333. Armatures. Instead of rotating a single coil in the mag¬ 
netic field it is customary to employ a large number of turns wound 
suitably on a soft iron “drum” (Fig. 370), and a split ring is used for 
collection of the current by the brushes. The circuit is then per¬ 
fectly continuous throughout the windings so that the current in¬ 
stead of consisting of one rectified sine curve is the average of many. 



/V. 

0 90 180 270 360 450 540 

Same Sine Curve Rectified 

Fig, 369 
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The curious may wonder how this is achieved. For simplicity only 
8 rods have been drawn going from end to end of the drum, and the 
ring is therefore divided into 4. 

The ends are also shown, and the 
forward steps for end connections 
are in each case (8 - 2)/2 or 3, 
first at one end, then at the other, 

1 to 4, 4 to 7; 7 to 2, 2 to 5; 5 to 8, 

8 to 3; 3 to 6, 6 to 1. The interior 
of the drum is of soft iron with 
the copper rods in grooves and in¬ 
sulated. The whole armature is 
placed between the long N and S 
jaws, or poles, of an electromagnet. 

334. Motors. It was found by 
chance that a dynamo (D.C. gen¬ 
erator) would act as a motor when 
current was led to it so as to excite the electromagnets and to supply 
current to the moving coils, or armature. Here again we have evi¬ 
dence of the reciprocal character of generator and motor typified by 
the results already stated (Sect. 323) for straight conductors in a 
magnetic field: 

Motor Generator 

/ = HU e = Hlv 

These relations speak for themselves. A length of a conductor, l, 
carrying a current, i, in a magnetic field, H , is acted on, at right 
angles to both, by a force of / dynes; hence the possibility of a torque, 
and of a motor. Conversely, if you force a conductor, length l , to 
move with velocity v , through a field H , then you will get an electro¬ 
motive force which is at right angles to H and to v. It is not necessary 
at the present stage to enter into all the varied types of generators and 
motors dependent on these two great principles. A student, how¬ 
ever, should not fail to avail himself of any opportunity to visit a 
modem power house, with water or steam driven turbines shafted 
directly with giant revolving electromagnets whose poles are driven 
swiftly past tall vertical copper rods in which the e.m.f. is produced. 
The current thus generated is perhaps taken to transformers for 
transmission at higher voltage to distant stations. At these stations 
he can see the reverse process, where the power is used by conductors 
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carrying the current, moving sideways in a strong magnetic field, 
and thus rotating a shaft the torque of which may be used, for ex¬ 
ample, to drive turbines to raise water as at a pumping station. 

335. Electric Lighting. The lighting of streets by electricity began 
with the carbon arc. If two carbon rods are connected to a supply 
of electricity at about 60 volts (D.C. or A.C.), then on contact 
and slight separation, a bright arc is seen between the carbons, 
which carries a current of a few amperes. The arc is blinding and 
dangerous to the eyes because of the ultraviolet light radiated, so 
that it is wise to take a lens and throw the image of the arc on a 
screen, noting the effect of varying (1) the current; (2) the distance 
between the carbons; and, particularly, (3) the deflection of the ions 
and electrons, which carry the current, by a magnetic field due to the 
approach first of one pole, then of the other, of a bar magnet. Indeed 
one method of combining the oxygen and the nitrogen in the air is to 
use a strong magnetic field to force sideways the ionized and high- 
temperature gases in the arc. The temperature of the arc is high, 
3500° C., while that of the surface of the sun is 6000° C. With alter¬ 
nating current, both carbons are consumed at the same rate; but 
with direct current the positive carbon has a crater and is burned 
twice as fast as the negative w r hich is conical at the top. Many 
ingenious mechanisms are used for keeping the carbons at the cor¬ 
rect distance apart; for example, by the force on a soft iron bar in a 
solenoid carrying the current. 

The arc is used not merely for street lighting, but has numerous 
other applications as in searchlights, arc welding of iron, and in 
electric furnaces, where a current between large carbon rods pro¬ 
duces a high temperature throughout a mixture of ore, flux, and 
carbon, leading to the extraction of metal. 

Edison and Swan discovered the incandescent lamp, first used with 
a piece of platinum wire, second with a strip of carbon filament, and 
finally with fine tungsten wire. In every case either a good vacuum, 
or inert gases, such as nitrogen or argon, are required inside the bulb 
in order to prevent oxidation; the use of inert gases also decreases the 
rate of evaporation of the filament. The cost of a lamp involves 
the initial price, life, and watts per candle power. The efficiency 
of the tungsten filament lamp is much greater than that of the origi¬ 
nal carbon filament. The candle power is not proportional to the 
current, but rises swiftly with increase of temperature. The total 
heat emitted per second depends on the square of the current, fol- 



TELEPHONE RECEIVER 


395 


lowing Joule’s law. Much of this heat is useless for lighting and it 
is desirable to discover some means of producing radiation only, or 
mainly, in the visible region of the spectrum, an art already pos¬ 
sessed by fireflies and glowworms, and by many phosphorescent fishes. 

336. Telegraphy. The discovery by Oersted that a current would 
deflect a magnet, and the further discovery of the attraction of a 
piece of soft iron by an electromagnet gradually led to various meth¬ 
ods of sending messages along wires to a distance. It became possible 
to use a local battery and a key so as to control a current passing 
along miles of copper wire suspended by insulators on suitable posts. 
The reversing key could cause right or left deflection of a magnet at 
the center of a receiving coil connected to the wire, while the return 
current passed through the earth. A second plan was the use of an 
electromagnet as a relay which would attract a soft iron bar and thus 
close a local circuit with a stronger current. In this case signals 
were made short or long, “dot” or “dash,” instead of right and left, 
and signals were indicated by sound rather than sight. At a later 
date Edison invented a method of printing messages on a strip of 
paper driven by clockwork. These devices are more easily shown on 
the lecture table than described in detail, even with good diagrams in 
a book. 

337. Telephone Receiver. Alexander Graham Bell invented a tele¬ 
phone in 1876; Reis in 1861. Bell used the modern receiver both 
as receiver and transmitter. 

This consists of a (Fig. 371) 
horseshoe magnet (at first a 
bar magnet was used) at the 
poles of which are wound on 
bobbins many turns of fine 
insulated copper wire con¬ 
nected to the distant station 
by two wires, for the earth 
does not make a satisfactory 
“return” as in telegraphy. Close to the poles is placed a thin elastic 
disk of ferrotype iron fastened firmly by the rim to the mouthpiece. 
When the speaker at the mouthpiece uses his voice the waves of 
sound set the disk into complicated vibrations corresponding to 
the fundamental notes and innumerable harmonics of the voice. 
The lines of force from pole to pole of the magnet are correspond¬ 
ingly modified by the vibrating soft iron disk, and as these lines pass 


to Receiver 


1 

I 






Transmitter Receiver 

Fig. 371. — Telephone 
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through the coils there are induced currents set up which pass to 
the similar distant receiver and reproduce the whole series of sounds 
with astounding fidelity. At the far end the currents modify the 
field, and the field moves the disk, and the similarity of reproduction 
is so good that it is easy to recognize the voice of a friend. 

338. Transmitter. The telephone transmitter of today is evolved 
from the microphone (Fig. 372) discovered by Hughes. He placed a 
carbon rod, lightly held, in a vertical position between two carbon 
cups. On connecting his microphone to a 6-volt battery, and to a 
good telephone receiver, he found that slight sounds, such as the 

ticking of a watch, the touch of a 
feather, caused disturbances to the rod 
and could be heard in the telephone, 
while a “ fly’s footfall could be distinctly 
heard.’ 7 The variation of the resistance 
between carbon rod and cups caused 
corresponding variation of current in 
the receiver. 

The telephone transmitter (Fig. 371) 
consists of the familiar mouthpiece, in 
which is the foolproof protector with 
holes, and a vibrating disk to the back 
of which is fastened a “button microphone 77 made of two small 
disks of graphite between which are a number of sharp fragments 
of graphite loosely packed. A small battery is used which passes 
a current through the button microphone away to the distant 
receiver and back to the battery which completes the circuit. The 
voice makes the disk vibrate and thus the carbon granules are shaken, 
so that the electrical resistance varies and therefore the current to 
the distant receiver, where the reproduction is electromagnetic as 
above described, is modified. Again it is worth considering how 
the mere shaking of the granules permits of so exact a reproduction 
of a complex sound source. It certainly suggests the possibility of 
conveying along single nerve fibers the most varied and complicated 
messages. 

339. Self-Inductance. After dealing with telegraphy and teleph¬ 
ony it would be natural to proceed with radio (or wireless) teleg¬ 
raphy and telephony, but there are certain ideas which must be 
first considered in order to arrive at a clear understanding of radio. 
It has been seen that when a current in any conductor is changed in 



Pig. 372. — The Hughes Micro¬ 
phone 
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magnitude there is an electromotive force induced in any neighboring 
conductor, and the_ quicker the change in current the larger that oppos¬ 
ing e.m.f. induced. 

'TTacurrent is passing round a coil, or solenoid, there will be a flux, 
or number of magnetic lines, passing through the coil. If the current 
is increased then the flux also will increase, and this will produce an 
opposing e.m.f. dependent on the time rate of change of the flux 
multiplied by the number of turns through which it passes. If l 
is the (number of turns) X (flux per e.m.u. current), then l is called 
the self-inductance* in e.m.u. Moreover the opposing e.m.f., due to 
increase of current, will be l multiplied by the time rate of increase of 
the current i. It is convenient to choose a larger unit, the henry, 
which is a thousand million times as great as the e.m.u., or 1 H = 10 9 
e.m.u: of inductance. It is now possible to state that the voltage 
due to inductance is numerically equal to the (self-inductance in 
henries) X (time rate of increase of current in amperes). Hence 

Acoil has a self-inductance of one henry when one volt of opposing electro- 
motive force is caused by a rate of change of current in that coil of one 
ampere per second. 


It is not unusual to work with coils whose self-inductances are of 
the order of millihenries ( mH ) rather than henries (77). The symbol 
L will be used for self-inductance in henries. 

It can be proved that at any instant with a given current 7 in a 
coil, whose self-inductancedg^L henries, the energy in joules stored 
as a magnetic field, is J Lip; Half a cycle later the current has 
reversed and become -Tyfrut the energy is as large as before, § LP. 
Nevertheless the field has been completely changed in direction- as 
though a rotating flywheel had been stopped and made to rotate in 
the reverse direction. Indeed the analogy can be pushed further for 
the energy in ergs of the flywheel is § (moment of inertia) X (angular 
velocity) 2 , which may be compared term by term with § LP in joules. 

The energy of self-inductance is often seen producing a heavy spark 
w en a key is opened in a circuit with current passing through a large 
solenoid or electromagnet. If a lamp is connected across the ends 
of the solenoid it will flash brightly for a brief period due to the 
stored energy J LP joules. 

In the case of radio, high-frequency alternating currents occur, of 
the order of a million, or ten million cycles per second, and hence 
* Discovered by Henry. 
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inductance, and, as we shall see, capacitance (or capacity) will be¬ 
come of high importance to an extent depending on the frequency. 

340. Mutual Inductance. The same general remarks apply to 
the mutual inductance between two separate coils, which when near 
together, and parallel, are said to be “closely coupled/' and when 
nearly at right angles, or far apart, “loosely coupled." The mutual 
inductance* of two coils is the electromotive force in volts caused in either 
mejyhmdhe current in the other is changed at the rate of one ampere per 
second . Mutual inductance like self-inductance is measured in henries . 

^he~two coils may have their currents in the same direction, or in 
the opposite directions. If the same current /, in amperes, is at any 
instant flowing through both coils, the total energy W stored up in 
their magnetic fields is, in joules, 

W = i I 2 (L ±21+ L9 

where L, U are the self-inductances, and M the mutual inductances 
of the two coils. The =t represents the cases of the currents being 
the same way round, or in opposite directions. If the planes of the 
two coils are at right angles to each other, M is zero. The above 
formula has no special importance, the needful idea is that of energy 
stored up in the magnetic field , opposing any changes of current , just 
as a heavy rotating flywheel equally resists any increase or decrease 
of angular rotation. 

341. Capacitance. From the conclusions of Sect. 276, and the 
relations between absolute and practical units (Sect. 277) it follows 
that the energy stored in any condenser of capacitance {or capacity) 
C fara&sf when the difference of potential between the plates is V volts, 
is" equal to f C V 2 joules . 

'TThis'energy may be more justly compared with that of a spring, 
either elongated or compressed, due to its “elastic" properties, rather 
than to kinetic energy. If x is the extension of such a spring, then 
Hooke’s law states that the extensive force is Kx, when K is a con¬ 
stant, and the energy stored up is § Kx 2 , which may be compared to 
§ CV 2 ; with Q = CV comparing and contrasting with force = Kx . 

342. A.C. Circuit. Every complete circuit has some of the follow¬ 
ing characteristics: 

(1) an electromotive force E in volts, 

(2) an electric current I in amperes, 

(3) a resistance R in ohms, 

* Discovered by Faraday. 
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(4) a capacitance C in farads, 

(5) a self-inductance L in henries, and sometimes, 

(6) a mutual inductance M in henries. 


C in farads 


R in ohms L in henries 


Capacitance- Resistellc<! In ductanee 
Q4) Ammeter 
1 ^-^Voltmeter 



Fig. 373.—A.C. Circuit 


The symbols for these are given in Fig. 373. A direct and steady 
current is completely blocked by a condenser; but an alternating 
current has an interesting effect on a condenser. Suppose that the 
current in a connecting wire causes one plate of a condenser to have 
at any instant a positive charge, then the attraction of this will draw 
negative electricity along a wire to the opposite plate; and conversely, 
negative will attract positive. Hence there is an alternating flow to 
and from the second plate and thus 
an alternating current is maintained 
although the circuit is interrupted 
by the dielectric of the condenser. 

It is possible in this sense to state 
that a condenser offers a passage to 
alternating current, which is refused 
to direct current. It may be proved 
however that the A.C. in passing a 
condenser experiences what is called 
reactance, due to the capacitance C, which may indeed be expressed 
in 'ohms, because the reactance has somewhat the same effect as 
resistance in diminishing or opposing current. Capacitance, how¬ 
ever, changes “phase,” which resistance does not. This question 
of phase must be postponed for the present. The reactance due to 
capacitance is 1/2 ?rfC ohms, where C is in farads and / is the fre- 
qu§$cy .oi the. alternating current, that is, the number of complete 
cy cles i n a, second of time. The reciprocal of / is T , the period of a 
complete change of current from one direction to the other and back 
again to the original direction and magnitude. 

On the other hand, a coil presents no obstacle except resistance to a 
direct and steady current, but it tends also to choke or react against 
an alternating current, producing reactance. It has been pointed 
out (in Sect. 339) that a change of current in a coil produces, in the 
turns of that coil, an e.m.f. which opposes the change; that property 
of the coil which determines the magnitude of the opposing e.m.f. is 
called the self-inductance of the coil. The opposition which a coil 
offers to the flow of an alternating current, called the reactance, in¬ 
creases with the frequency of the current, since at higher frequencies 
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the average rate of change of current- is greater. It can be shown, 
that the r eactanc e is equaltQ. 2 rfL, where L is the inductance of the 
coil (in henries), and f is the frequency of the alternating current 
(in cycles/sec.). Such reactances are somewhat of the nature of 
resistances and can be expressed in ohms, but they contain another 
important factor, inasmuch as they alter the phase of the current 
with respect to the e.m.f. 

Induc tan ce causes the current to lag in phase behind the e.m.f. 

Capacitance makes the current lead in phase before the e.m.f. 

Wave your hands up and down at equal rates and together in front 
of you and they are in phase. Next make them get “out of step” 
so that the right hand reaches the top a little before the left hand, 
and the left is said to lag on the right; the two hands are “out of 
phase.” (See Chap. VII.) This is a common enough experience, 
and may be illustrated with two pendulums of equal length swinging 
side by side. 

343. Electrical Oscillations. A particularly interesting case (Fig. 
374) is that of capacitance and inductance, with zero or small 
resistance. If electrical oscillations are started in this apparatus 
they will continue to oscillate with the energy (§ LI 2 ) at one moment 





Current 


fwwv ■ 

Continuous waves 
Current 


- Time 


Train of damped waves 
Fig. 374. — Electrical Oscillations 


-Time 


stored as a magnetic field in the coil and later as an electrostatic 
field (| CF 2 ) in the condenser; energy swings to-and-fro from one to 
the other, perhaps changing from kinetic to potential energy and back 
again as with a mass at the end of a spring, until friction or resistance 
damps or gradually destroys the oscillations. It can be deduced from 
the constancy of the total energy that, when the resistance in the 
circuit is very small, the period T, or time in seconds of a complete 
electrical oscillation, is given by T = 2 ttVLC, and since the frequency 

/, in cycles per second, is the reciprocal of T,f= * 

2 7r V LC 

These oscillations set up waves in the surrounding space, which 
travel through empty space with the velocity c of light, for light 
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also consists of electromagnetic waves, and if X be the wave length 
we can use the familiar relation X = cT, or X/ = c. Consider, 
for example, some “broadcasting” frequency whose wave length is 
300 meters; the velocity of light is 3 X 10 10 cm. sec. -1 , or 3 hundred 
million meters a second; so that (wave length in meters) X (fre¬ 
quency in cycles per second) = 3 X 10 s , and if the wave length is 

300 meters, then the frequency is 10 s , or a million cycles per second; 
and the period is one-millionth part of a second. S imilar ly; 

x = 3 m., / = 10 s cycles a second 

X = 30 m., / = 10 7 cycles a second 

X = 30 km., / = 10 4 cycles a second 

It is convenient to use the symbol ^ for “cycles a second,” e.g., 
/ = 60^; occasionally the word hertz is used for “cycle a second,” 
as a unit of frequency. 

344. Electromagnetic Waves. Faraday discovered the important 
properties of magnetic and electric fields. Maxwell deduced the 
correct mathematical equations and inferred that light traveled as 
electromagnetic waves through space. Hertz looked for similar 
waves, of greater wave length, which would of course be invisible. 
He obtained these by the principles of 
resonance and tuning. This was the 
experimental discovery of radio. 

345. Hertz Experiments (1887-1891). 

Hertz (1857-1894) used an induction 
coil to produce a rapid succession of 
sparks in a gap (Fig. 375) between two 
polished brass spheres connected by 
rods to two large metal conductors 
about 3 meters apart. Each time that 
a spark passed there was a very rapid 
oscillation of electric charge between 
the plates, so that they received posi¬ 
tive and negative charges alternately, 
perhaps one to ten million times a second. The frequency of these 
oscillations is vastly greater than the number of sparks that occur 
per second; see Fig. 374 for a damped train of waves where the word 
“damped” refers to decrease of amplitude with time. 

From this oscillatory system Hertz expected that electromagnetic 
waves might pass outwa.rds into space. He used a simple form of 




Fig. 375. Hertz’s Experiment 
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detector consisting of a hoop, or a rectangle (120 cm. by 80 cm.) of 
stout wire, cut open at one point, and on the ends thus formed were 
fastened two highly polished brass knobs, about half an inch in 
diameter. The distance between the knobs could be carefully 
adjusted until the air gap was any required width, perhaps a milli¬ 
meter or two. The detector was placed with its plane horizontal 
and so that the knobs of the oscillator and those of the detector were 
a few feet apart. When the gap was properly adjusted a series of 
small sparks appeared in the detector, although there were no wires 
or visible connection joining it to the oscillator. The variation of the 
air gap is necessary so as to “tune” the detector. The word tune is 
here borrowed from acoustics, and indicates that the frequency of 
the detector must be made equal to the frequency of the oscillator, 
otherwise there are no sparks in the detector’s air gap. In fact, the 
capacitance X inductance of the oscillator must be equal to the 
capacitance X inductance of the_receiver, so that their periods may 
be equal, having the same 2 x VLC. In the case of the receiver the 
capacitance is governed mainly by the distance between the knobs, 
and the inductance is that due to a single turn of wire. Both C and 
L are small, so that the period may be about a millionth of a second. 

This experiment showed that some type of radiation passed through 
space, and it was found that it would pass through glass, or through 
a brick wall. Hertz used also a large prism made of pitch or asphalt, 
and he found that the radiations were bent on their passage through 
this dielectric in the same general fashion as visible light is bent on 
passing through a glass prism. When the plane of the detector was 
at right angles to the rods of the oscillator no sparks could be detected 
in the air gap of the detector. This is an indication that the e.m.f. 
in the detector is dependent on the rapidly changing magnetic field, 
produced round the oscillator, which passes through the loop of the 
receiver. Finally, he measured the length of the waves. This 
was done by placing a large vertical sheet of metal in front of and a 
few yards away from the oscillator. The electromagnetic waves 
proceeded to the metal sheet and were reflected back from it, and 
these formed together “standing waves” with places of maximum 
and minimum intensity. The receiver readily indicated these points 
in some cases about 4.8 meters apart, so that the wave length would 
then be 9.6 meters, indicating a frequency of 31 million oscillations 
per second. These figures are quoted from Hertz’s papers. 

This series of brilliant experiments confirmed the soundness of the 
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great foundations truly laid by Faraday and Maxwell, and proved 
that electromagnetic waves of wave length much greater than those of 
visible light could pass through the air. This was the discovery of 
radio, but there was a long and difficult road before the further 
modern achievements of radio were reached. These will be discussed 
briefly at a later stage of this book. 

There was a remarkable side interest to these wonderful experi¬ 
ments of Hertz. He noted that sparks in the receiver were more 
difficult to excite when a plate of glass was placed between oscillator 
and receiver. After some difficulty Hertz traced this effect down to 
the ultraviolet light from the sparks of the oscillator which, falling 
on the burnished knobs of the receiver, caused the air in their neigh¬ 
borhood to be ionized or conducting. The ultraviolet light was 
intercepted or stopped by the glass plate. This discovery was the 
beginning of the subject of photoelectricity, now so important in 
television and other developments. (Sect. 389 and Chap. XVIII.) 

346. Lodge’s Experiment. It was shown by Sir Oliver Lodge that 
if a Leyden jar is discharged through a rectangular circuit as in Fig. 
376, where a shower of sparks is pro¬ 
duced between brass knobs by an in¬ 
duction coil, then sparks will be pro¬ 
duced between the spheres of a similar 
apparatus placed alongside but having 
no induction coil. This is a case of 
resonance and of induction, or of elec¬ 
tromagnetic waves, for the two circuits 
have equal capacitance and inductance. 

347. Tesla Coil. With the appa¬ 
ratus shown in Fig. 377 it is possible 
.to generate high voltage and high 
frequency, both of the order of a 
million numerically, as first discovered by Tesla. The 110 volts 
of an A.C. generator are “stepped up” by a transformer about a 
hundredfold, and led to a rotary spark gap, which makes and breaks 
many times a second. Each discharge sets the circuit (C, L, and 
spark gap) oscillating with the high frequency governed by two 
or three Leyden jars and ten turns of stout wire of low resistance. 
This coil L is outside and round a long, large solenoid of fine insulated 
wire wound on a wood and canvas frame, so that the 11,000 volts is 
again stepped up, to the order of a million volts. Sparks about a 


Induction 

Coil 


Spark 


Rod 


| Slide 
wire 


L. Jar Rod 

Fig. 376. — Lodge’s Experiment 
Similar apparatus in front, without 
an induction coil, shows small sparks 
in the gap when properly tuned. 
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A. C. Generator 


Primary 


Transformer 


foot long may be obtained between the points T, T'. The current 
has, however, been stepped down in the same ratio that the e.m.f, 
has been stepped up, so that the discharge from T or T' may be 
taken without danger through the knuckles to the earth. The 

corona discharge is often seen 


close to the fine wires leading to 
T and T'. This is a rosy light 
due to the ionization of the air 
by the high voltage. 

348. Brush Discharges. These 
may often be seen at the edges 
of the foil of the Leyden jars. 
Discharge tubes, containing air, 
hydrogen, helium, neon, etc., 
respectively, are luminous with¬ 
out any connecting wires, when 
held parallel and at a short dis¬ 
tance from the gap T, T\ 

349. Singing Arc. If the car¬ 
bons of a lighted arc are con¬ 
nected to a coil of inductance L, 



110 volts 


11,000 volts 


Rotary 
spark-gap' 

Air-transformer 


10 turns 

Many hundred 


r 


Fig. 


377. —Tesla Apparatus to Obtain High 
Frequency and High Voltage 


and to a condenser of capacitance C in series with L, then the arc, 
if on the point of hissing, will be controlled by the oscillating circuit 
and give a note of period 2 ir V~LC . With a keyboard and several 
suitable coils it is possible to play tunes with the arc. If the arc is 
surrounded by hydrogen the action is more steady, and this scheme 
has been used in connection with the transmission of radio signals. 

★350. Permeability. Theory and experiment alike show that the 
strength of the magnetic field within a long solenoid is given by 
(Sect. 322) 


! H = 4 7 mi, or 


10 


where H is in oersteds, i in e.m.u. of current, I in amperes, and n is 
the turns per cm. length of the tube, and not the total turns. Here 
and elsewhere in any formula, i can be replaced by J/10. 

If the interior of the solenoid is next filled with a bundle of soft 
iron wires, the magnetic moment of the solenoid is greatly increased. 
This may be proved by measuring the oscillations per minute of a 
small magnet or compass needle placed near the end of the coil. 
It is usual to consider that the magnetic intensity H within the sole- 
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noid is replaced by a numerically greater magnetic induction B y 
where B = fxH and n is called the permeability of the particular 
specimen of iron under investigation. But \x is not a true constant, 
because it varies with H . B is usually expressed in gauss, and H 
in oersteds.* They may be expressed in terms of the force in dynes 
on unit pole; or, if preferred, they can both be expressed in lines per 
square centimeter. Sometimes a “toroidal” solenoid is used having 
the shape of an “anchor ring,” and the wire is wound round and 
round the cross section. All the preceding statements with respect 
to H } B , ix still hold. 

It is further desirable to get a clear idea of magnetic flux denoted 
by 4>, the Greek letter phi, sometimes expressed in maxwells, and a 
measure of the total lines through a stated area A, so that $ = BA. 

Perhaps this may be made clear by an example. A long solenoid contain¬ 
ing soft iron, ^ = 40, has 15 turns to the cm. of length, cross-sectional area 
12 cm. 2 , and carries 5 amperes; state H, B , $. 

Arts. H = 4 7 mi = 4 7r X 15 X = 30 t = 94.2 oersteds 
B — /xH = 40 X 30 7r = 1200 t = 3770 gauss 
<£ = BA = 1200 7T X 12 = 14,400 7T = 45,300 maxwells 

If a solenoid is filled with a piece of Swedish wrought iron and the 
current gradually increased round the solenoid, then the value of H 
(without the iron) will increase in proportion with the current, and 
the value of B (induction, 
or lines/cm. 2 ) will be much 
greater than H y as shown in 
Fig. 378. The ratio B/H } 
or permeability p, begins 
with a value of 2 or 3 
thousand, but as magnetic 
saturation approaches, /x 
declines to a few hundred 
and steadily decreases. The 
student may find it instruc¬ 
tive to draw a graph for /x 
and H. 

★351. Hysteresis. Different kinds of iron and steel give different 
B-H graphs according to their physical constitution. There is an in¬ 
teresting further point. The current through a solenoid may be grad- 

* As defined by the Committee on Definitions of Electrical Terms sponsored by the 
American Institute of Electrical Engineers, 
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ually increased so that there is a consequent increase in the value of 
H, as shown in Fig. 379, where the maximum value of H is about 27 
oersteds. On decreasing the current gradually, it will be noted that 

the iron tends to retain the 
value of B, which does not 
arrive at zero value imme¬ 
diately when the current is 
reversed, but when H is 
— 4 oersteds. That is, the 
magnetic induction in the 
iron lags behind the magnet¬ 
izing field. This lag is called 
hysteresis. As the value of 
H is made to fluctuate, step 
by step, from +25 to —25 
oersteds, B describes the 
left side of the graph (Fig. 
379) when H is decreasing, 
and the right side when H 



Fig. 379. — Hysteresis Curve for Soft Iron Wire 


is increasing. The material 
used in this case was a wire of 
soft iron and the corresponding 
relation between permeability 
and the magnetizing field is 
shown in Fig. 380. As to the 
value of the induction B in 
gauss, this was determined by 
the help of a magnetometer, 
for the solenoid with the soft 
iron core may be regarded as 
a magnet. 

★352. Magnetic Circuit. It 
is possible to conceive of a 
“magnetic circuit” somewhat 
similar to an “electric circuit.” 

In the latter-a battery or gen¬ 
erator causes an electromotive 
force necessary to produce a 

flow of electricity, or current, through conducting materials, which 
usually combine the properties of conduction and of resistance. 
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In a magnetic circuit it is a helix of wire, carrying a current and 
having its “ampere-turns,” which sets up the magnetomotive force 
(m.m.f.) essential to obtaining lines of induction, somewhat errone¬ 
ously termed “flux,” Hence this comparison; 

Electric circuit Magnetic circuit 

Electromotive force Magnetomotive force 

Electric flux, or current Magnetic flux, or lines 

Resistance Reluctance 

and as resistance is defined as e.m.f./current, so reluctance is defined 
as m.m.f./fiux. 

★ 353. Intensity of Magnetization. It is helpful to define the in¬ 
tensity of magnetization, /, of a magnet or of a soft iron bar in a sole¬ 
noid carrying a current, as the magnetic moment per unit volume: 
moment M . _ M 

volume'F ’ 80 that 7 = 

Suppose that the magnet or soft iron has length 2 l cm., cross- 
sectional area A cm. 2 , and that the poles +m, — m, are at the ends 
of the bar, which however is rarely the case although it may be 
nearly true for a very long bar. Then the volume V = 2 IA, and 
the moment M = 2 Im, so that I = M/V becomes equal to m/A, or 
“pole-strength per sq. cm. at the ends.” 

It follows that m = IA so that 4 ttIA lines or tubes of induction 
leave one end of the rod (N), and enter at the other end (£). Also 
the flux density equals 4 xl; in other words, there are 4 tI lines of 
induction per cm. 2 in the soft iron on account of its magnetization. 

★354. Susceptibility. If a specimen of iron is introduced into a 
solenoid with a current, then there will be a magnetic intensity H , 
equal to 4 imi, which must not be confused with B, the lines of in¬ 
duction per square centimeter, or flux density. The intensity of 
magnetization I must be dependent on H, and the ratio of these is 
defined as the susceptibility k, so that 

k = , or I = kH 

★355. B, H, and I. In the case of a solenoid (Fig. 381) containing 
air, or more strictly a vacuum, the magnetic intensity H s has been 
shown to be equal at the center to 4 xra, where i is the current in 
e.m.u., and n is the number of turns of the conductor per centimeter 
length of the coil. If a bar or bundle of soft iron is pushed gradually 
into the core or tube of the solenoid then the magnetic effect is 
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enhanced by induction, and the lines of induction per square centi¬ 
meter equal B, where B = y.H, and y is the permeability of the iron 
under the actual conditions. The great increase of magnetic effect is 
readily shown by a few compass needles in the vicinity which oscillate 
much more rapidly when the iron is introduced. To find the rela¬ 
tion between B, H, and I, where I is (magnetic moment)/volume, or 
pole strength per square centimeter of cross section, it is necessary 
to proceed in rather an artificial manner. 

Imagin e or make a crevasse or gap straight across the iron core, 
then there will be I, pole strength/cm. 2 , north type, on the right of 
the gap in Fig. 381, with 4 irl lines proceeding from that sq. cm. 
straight across to the south type on the other side of the gap. There 



Solenoid, no core Solenoid, iron core, Magnet, thin gap 

thin gap 

Fig. 381. — Relation of B, H, and I 


will also be the Ii s due to the current in the solenoid just as if the iron 
were not there, and yet one more force H m opposed to H s due to the 
attraction of the south pole magnetism at one end of the bar and the 
repulsion of the north pole magnetism at the other. This may be 
called the demagnetizing effect. Hence expressing all as lines per 
square centimeter, 

B =H 

and since the H m is small for long solenoids, it may be ignored. It 
is then possible to write 

B + 

Moreover, since 

B = ixH and 1 IcH, 

. fiH = # + 4 TrkH, whence 
jx = 1 + 4 irk, 

a relation which links permeability with susceptibility. When k is 
positive p is greater than unity as for paramagnetic bodies. When 
k is negative, p is less than one, as for diamagnetic* bodies. The 

* Magnetic lines tend to crowd together in iron, but the reverse is true for a 
diamagnetic substance such as bismuth, which also tends to move from a strong 
into a weaker magnetic field. 
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permeability has large values, far greater than unity, only for . 
magnetic elements such as iron, nickel, and cobalt. 

The diagram on the right (Fig. 381) deals with the case of a steel 
magnet after removal from the solenoid, when the steel retains 
much of its magnetism. Again considering a narrow gap, made or 
imagined, across the magnet, there will be lines per square centimeter 
across the gap denoted by 4 xi 7 , and there will be the demagnetizing 
force H' m opposing 4 x/' inside the magnet, so that B' and H' m 
point opposite ways. Hence 


m 

The accents denote that these values will be different for steel in the 
solenoid, current flowing, as compared with the steel when removed, 
or when the current is stopped. Always some demagnetization occurs. 


PROBLEMS 

1. How much work is done in taking a pole, strength 21, 8 times round a 

long straight wire carrying 5 amperes? (1056 ergs) 

2. A current of 4 amperes flows through a solenoid with 10 turns to the 
cm.; what is the magnetic intensity inside the solenoid? 

{H - 4 Till j 10 = 50.3 oersteds) 

3. If, in Problem 2, the area of cross section is 4 cm. 2 , what is the flux, 

or total lines? (201 lines or maxwells; $ = HA) 

4. If (see Problems 2 and 3) the solenoid is now filled with soft iron, per¬ 
meability 30, what will be the induction and what the flux? 

(B = 1509 lines/cm. 2 ; <t> = 6030 maxwells or lines) 

5. If a solenoid is 2 m. long, carries 2 amp. and has 20 turns/cm., what is 
the magnetomotive force? (m.m.f. = HI = 4 riill /10 = 10,050 ergs) 

6. A pole strength 30 is 2 cm. from a long straight wire carrying 6 amp. 

Find the force on the pole, and the work required to take it thrice round the 
wire. ( 1S dynes; 679 ergs) 

7. Two wires side by side, 3 cm. apart, 2 m. long, carry 4 and 6 amp. 

respectively. Find the force between them. (32 dynes) 

8. A wire 30 cm. long carrying 4 amp. is in a field of 200. gauss. Find the 
force on the wire when the angle between wire and field is 0°; 30°; 90°. 

(0; 1200; 2400 dynes) 

9. Find the torque on a rectangular coil (12 X 20 cm. 2 ) of 15 turns carry¬ 

ing 0.5 amp. in a field of 200 gauss, when the plane of the coil makes 0°, 30°, 
90° with the direction of the field. (36,000; 31,176; 0 cm.-dyne) 

10 . Find the e.m.f. between the ends of a wire, 30 cm. long, moving at 

20 cm. sec. -1 at right angles to a field of 500 gauss. (3 mV) 
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11 . Find the p.d. between the ends of an axle (4 ft. 6 in.) of a car going 
60 miles/hour where the vertical magnetic field of the earth is 0.6 oersted. 

(2.2 mV) 

12. Could the above (Problem 11) be detected by a galvanometer in the 
car? (No! the connecting wires would have an equal and opposite p.d.)' 

13 . Could sea water moving swiftly under a bridge, cutting the earth’s 
vertical magnetic field, cause a detectable p.d.? (Faraday tried this on 
London Bridge, but failed, because he had not nonpolarizable electrodes. 
The effect has since been found by suitable electrodes trailed at unequal 
distances behind a ship sailing north, and carried east by a strong tide.) 

14 . In a transformer, 95 per cent efficient, the input is 110 volts, and 

the secondary windings are 400 times the primary in number. What is 
the output voltage? (41,800 volts) 
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356. Electrical Current through Gases at Low Pressure. It is 
interesting to take a long tube with two electrodes connected to an 
induction coil, and to exhaust the air from the tube gradually by an 
air pump. At first a spark will pass between two wires connected 
to the coil rather than through the long 
air column. But as the pressure of the air 
in the tube is lowered, a rosy column ap- + Anode 
pears in the tube, and the spark stops. 

This column enlarges, fills the whole tube 
and arrives at the stage shown in Fig. 382, | 

with flickering striae in the long positive | 
column nearer the anode, next to which is J 
the Faraday dark space, followed by a pur- f 
.plish negative glow at the cathode. Differ¬ 
ent gases, hydrogen, helium, neon, and 
mercury vapor, may be introduced into Faraday spa “ 

the tube and the various positive columns irpump 


may then be seen often stretching from one Neeatlve cathode 
electrode to the other, having characteristic | 

colors. These are familiar in advertising 
signs, particularly the rich red of tubes 
containing neon. Figure 383 shows a 
series of tubes of different diameters containing hydrogen gas, in 
each case at the same pressure. On the left is the cathode with 
the negative glow, followed by the Faraday dark space, and next 
by the positive column with 50 striae in the narrowest tube and 
10 in the broadest. 


Glow 

Cathode 


Fig. 382. — Discharge Tube 
with Moderate Vacuum 


357. Crookes’ Experiments. With a high vacuum the striae dis¬ 
appear, the Faraday dark space lengthens, the negative glow moves 
away from the cathode, and a greenish light appears on the sides of 
the tube round the region known as the Crookes dark space. Finally, 
the whole tube fluoresces with a greenish light. 

Crookes made further experiments; he found (1) that a small body 
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the other two. X is equal to V/d where V is the potential difference 
and d the distance between the plates. 

Rowland (1848-1901) proved that an electrostatic charge e mov¬ 
ing with velocity u is equivalent to an element of current i along 
a length l, so that 

eu — il 

He did this by charging strips of metal on an ebonite disk which was 
rapidly rotated, and he showed that there was deflection of a mag¬ 
netic needle close to the strips (but shielded from the wind), just as 
Oersted found for a current. It has been shown (Sect. 323) that the 


Cathode 


Fig. 385. — A Stream of Electrons, De¬ 
flected by a Magnetic Field Perpendic¬ 
ular to the Page and “from you,” Illu¬ 
minating a Fluorescent Screen 


Fig. 386. — Electrons from Cathode Pass¬ 
ing a Hole in the Anode, Describing a 
Parabola, and Illuminating a Fluo¬ 
rescent Screen 


force F in dynes on a length l , with current i, in a field H at right 
angles to l, is given by 

F = Hil 

Therefore the effect of H on the corpuscle, charge e, having velocity 
u is given by 

F = Heu 

The force in dynes of the electric field X, on the charge e , is Xe and 
therefore for balanced forces, and no swerving, 


Heu = eX 



and when X and H were measured the velocity was determined, and 
was found to be of the order 10 9 to 10 l ° cm./sec. depending on the 
difference of potential between anode and cathode. 

By an extension of such measurements, remembering that Newton’s 
Law II indicates that mass-acceleration measures force, it is seen 
that when the particles move in a magnetic field, their path must be 
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bent into a circle of radius r, so that 

m — = cuH 
r 

e_ _ u_ 

or m ~ Hr 

and a knowledge of u , 77, r leads to a knowledge of charge/mass 
for the particles. It will be remembered that Faraday had measured 
the ratio of mass to charge in the electrolysis of hydrogen, for since 
m = zq, it follows that q/m = 1/z, the reciprocal of the electro¬ 
chemical equivalent. 

J. J. Thomson found that, supposing the hydrogen atoms in elec¬ 
trolysis and the corpuscles in the vacuum tube each carried the same 
magnitude of charge, then the mass of an electron was but 
part of the mass of a hydrogen atom, which up to that time was the 
least massive entity known. It was conclusively proved, finally, by 
Millikan (Sect. 363), that a corpuscle did indeed carry a numerical 
charge or quantity of electricity equal to that of a hydrogen ion, 
although the one is negative and the other positive. These cor¬ 
puscles finally received the name of electrons. To summarize what 
is known about them: 

(1) Electrons leave the cathode at right angles. 

(2) They can be readily deflected by a magnetic field. 

(3) They can also be deflected by an electric field. 

(4) They are ejected from a white-hot body in a vacuum (Edison, 
etc.). 

(5) They can be driven from a clean metal plate by ultraviolet 
light (Hertz, and others). 

(6) The mass m of an electron is xgVr part of the mass of a hydro¬ 
gen atom. 

(7) The charge of an electron is the same as that carried by a 
univalent atom in electrolysis. 

(8) The velocity u of an electron is such that the kinetic energy 
| mu 2 is equal to the charge e multiplied by the change 
of potential v which causes the motion from rest, so that 
§ mu 2 = evj where e and v are both in e.s.u,, or both in e.m.u. 

(9) The applications of electrons in telephone, radio, oscillo¬ 
graphs, television, have opened up new realms of human 
experience. Because of their small mass it is possible to 
give them very high velocities, often as much as 10 10 cm./sec. 
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(10) Electrons are one of the main constituents of all the atoms 
of all chemical elements (Sect. 121). 

(11) Finally it has been shown that electrons have not only mass 
and charge, but they combine with these a wave property, in 
this respect resembling Rontgen rays (Sect. 362). 

(12) Theory indicates and experiment proves that the mass of an 
electron increases with high velocity. 

Electrons 

Mass m — 8.99 X 10~ 28 gm. 

Charge e = —4.77 X 10“ 10 e.s.u. 

= —1.59 X 10“ 20 e.m.u. 

= —1.59 X 10“ 19 coulombs 

359. Protons. Another main constituent of all atoms is the pro¬ 
ton, which has a positive charge of the same numerical value as the 
negative charge of the electron, but the mass of the proton is about 
1850 times as great as the mass of the electron. One proton and 
one electron, probably in rotation about their center of gravity, 
constitute a hydrogen atom. When the electron is removed from a 
hydrogen atom, the remainder may be called either a proton, a 
hydrion, or a hydrogen atomic ion, H' l_ . 

360. Gaseous Ions. A careful distinction must generally be made 
between electrons and protons on the one hand, and positive and 
negative ions on the other. If an atom, or a molecule such as O 2 or 
H 2 , is deprived of an electron by any physical means, the remainder 
is a positive ion. If an atom, or molecule, has attached to it, pre¬ 
sumably by electrical attraction, an extra electron, then the sum total 
is called a negative ion. These ions are produced in electrolytes 
(liquids), and by an electric current in gases. Ions can also be pro¬ 
duced by various types of radiations in gases at all ranges of pressure. 
Positive and negative ions are usually produced in equal numbers; 
but in rarefied gases the detached electrons may continue as such for 
an appreciable time until they find a neutral atom or molecule to 
which they attach themselves and give rise to a negative ion, or 
recombine with a positive ion and thus give rise to a neutral atom or 
molecule. 

361. Northern Lights. In the rarefied upper atmosphere there 
appear on some nights, particularly in northern latitudes, electrical 
discharges known as northern lights, or aurora borealis. Similar dis¬ 
charges in high southern latitudes are known as aurora australis. 
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The spectroscope shows that the discharges are mainly due to 
ionized nitrogen and oxygen. The suggested causes of ionization are 
(1) ultraviolet light, or (2) electrons, (3) protons, (4) neutral cor¬ 
puscles shot from the sun. The frequency of occurrence of auroras 
follows the same eleven-year period as sunspots, and magnetic storms. 

Photographs of the aurora taken a few miles apart on the earth 
show a shift on the background of stars which gives a measure of the 
heights of auroras ranging from about fifty to several hundred miles 
above the earth's surface. The colors of the beautiful curtains, 
bows, and shifting streamers are usually white, or greenish white, 
and, more rarely, a rich red or crimson. 

362. Rontgen Rays or X-Rays. At the end of the last century 
Rontgen made experiments with one of the types of Crookes’ high- 
vacuum tubes, where the electrons from a concave cathode are 



Fig. 3S7. — An X-Ray Photograph of a Rat 


brought to a focus on a target of platinum, which quickly becomes 
visibly hot. He found that from this focus came a new type of 
radiation, sometimes called X-rays, which will make a fluorescent 
screen glow in the dark, and also affect a photographic plate, even 
when wrapped in thin metal and entirely shut off from ordinary light. 
These rays pass more easily through less dense material, and if the 
hand is placed in their path from focus to plate, the bones will stand 
out clearly in the developed photograph, as compared with the 
muscles and blood. There has been rapid development of the use of 
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X-rays for surgical and medical purposes, whether for the precise 
location of broken bones, and of needles, bullets, and other foreign 
objects in the body, or for the diagnosis and treatment of many 
diseases, such as cancer, tuberculosis, etc. 

By the reflection of Rontgen rays from crystals of rock salt it was 
finally proved that these rays resemble those of ordinary light in 
their general character, but differ in the shortness of their wave 
length. If X is the wave length, and v the frequency, then in a 
vacuum \v — c, where c is the velocity of light, as with all other 
electromagnetic radiations. 

The lengths of the waves are so small that it is convenient to ex¬ 
press them in terms of a special unit called an angstrom, after the 
famous Swedish spectroscopist Angstrom (1814-1874). One ang¬ 
strom is 1/100,000,000 of a centimeter, or 1 A = 10“ 8 cm., and this 
length is comparable with the size of an atom. While visible light 
has wave lengths ranging from 4000 to 8000 A, the Rontgen rays 
have a much larger variation from about 250 A, overlapping the 
ultraviolet, down to about 0.06 A, when again they overlap the 
penetrating or gamma rays from some of the radioactive elements. 
The old type of Rontgen ray tube (Fig. 388) consists of a glass bulb 
with a concave metal cathode so placed 
that the electrons which leave normal to its 
surface are concentrated on a small area of 
the anticathode, which is a heavy plate of 
tungsten or other high melting point metal. 

The anode may be placed at any position in 
the tube, and the necessary high potential 
between anode and cathode may be pro¬ 
duced by an induction coil. Though the 
tube is exhausted, its operation depends on 
the presence of a measurable amount of gas. 

The lower the gas pressure, the higher the 
voltage necessary to operate the tube and 
the higher the velocity of the electrons, and then the Rontgen rays, 
having a shorter wave length, are more penetrating. The tube as 
well as the X-rays from it are then said to be “hard.” Increase 
the pressure of the gas, and the tube becomes “soft,” and the rays 
less penetrating. That is not, however, the whole story because 
every material used for anticathode has its characteristic radiation. 
There are cases of painful and prolonged “burns” of the skin of 



Fig. 388. — Rontgen Ray 
Tube 
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a hand exposed for some time to the “soft” rays from a copper 
anticathode, used for special experiments in place of tungsten. 

A second type of. X-ray tube is that due to Coolidge (Fig. 389), 
which uses a high vacuum and a small heated tungsten wire as a 
source of electrons, which are driven in a straight line by a high 

potential to the anode. The directive 
agency is a small ring near the hot wire, 
which also has a high negative potential. 
One great advantage of the Coolidge 
tube is that the intensity and frequency 
of the X-rays can be independently con¬ 
trolled. 

Ultraviolet light will cause electrons to 
leave a clean surface of sodium, zinc, etc., 
with a small velocity. Rontgen rays have 
this same “photoelectric” property, and 
as their frequency is higher, the energies 
and therefore the velocities of electrons 
driven from a metal by X-rays are also 
greater than those ejected by ultraviolet light. It will be found in 
Chapter XVII that the energy of light seems to be transferred from 
atom to atom in bundles or quanta, each of which has a magnitude hv y 
that is, every single quantum of energy is proportional to the wave 
frequency v, where h is a constant named after its discoverer Planck. 
It is sufficient at present to state that the intensity of Rontgen rays 
depends on the number of quanta, while the energy of a single quantum 
is proportional to the frequency. 

363. The Charge of an Electron. If air, laden with water vapor, 
is suddenly expanded in volume about 25 per cent, a cloud or mist of 
very small droplets is formed and these fall under gravity with a 
measurable uniform velocity depending on their radius, their density, 
and on the coefficient of viscosity of the air. Since the last two 
quantities are known, the radius, and hence the mass, of any given 
droplet is known. Such droplets can be produced in a closed vessel 
between two horizontal metal plates. If X-rays are passed through 
the vessel the droplets usually acquire a negative charge, owing to 
one or more electrons attaching themselves to the various droplets. 
If the upper plate has a positive potential v with reference to the 
lower plate, which is at a distance d below it, then the electric in¬ 
tensity X is equal to v/d, when X and v are in e.s.u. It is possible to 
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adjust v so that the top of the mist neither rises nor falls. In that 
ease, if m is the mass of a droplet, having one electronic charge, two 
forces balance, namely 

mg = eX 


Here m, g, v, and d are measurable quantities, and so e is determined. 

Millikan improved on this method by using oil (Fig. 390) in place 
of water, avoiding the necessity 

|^| Spray 


for expansion by spraying oil ^_ 

into the vessel, and observing S 


Light 
from Arc 


X-rays 


Fig. 390. — Millikan’s Experiment 


the oil droplets when X-rays 
caused them to become ionized. 

Not only did he obtain excel¬ 
lent measurements of the elec¬ 
tronic charge e, but he proved that always the droplets acquired 
exact multiples of e, that is e, 2 e, 3 e . . . but never any fraction 
such as e/2, e/3, This confirms the view derived from electrolysis 
that fractional electronic charges do not exist, and leads to the 
theory that matter and electricity alike are constituted of elec¬ 
trical “atoms,” either positive or negative, differing in mass but not 
in the magnitude of the fundamental charge. This theory may re¬ 
quire modification owing to the 
Diaphragm to E * rth discovery of the neutron, to 

be discussed later (Chap. XX). 

364. Cathode Ray Oscillo¬ 
graph. It was pointed out 
(Sect. 358, Fig. 386) that elec¬ 
trons could be projected be¬ 
tween two plates at different 
potentials, in which case the 
electrons would be attracted 
towards the more positive 
plate, describe a parabola, and 
proceed along its tangent to the 
fluorescent screen. By con¬ 
necting the plates (Fig. 391) 
to an alternating source of e.m.f. the electrons will move up and 
down on the screen, producing a visible band of light. If another 
pair of plates is placed in the vacuum tube at right angles to the 



J Deflecting Deflecting 

Voltage Voltage 
1 2 

Fig. 391. — Cathode Ray Oscillograph 
Operating Data 
Filament Current 1.0 amps. 

Filament Voltage 0.6 
Shield Voltage 300 to 30001 Relative to 
Shield Voltage 0 to -200 J Filament 
Filament and shield are insulated while gun 
is grounded. 
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first pair it is clearly possible to make the electrons move to and fro, 
as well as up and down. In this way, with suitable frequencies, 
Lissajous figures (Fig. 138) can be produced. It is also possible to 
build up the potential on one pah’ of plates steadily and to relax it 
suddenly so that the beam of electrons sweeps across the screen 
rapidly, time after time. To the other pair of plates any A.C. may 
be connected and the wave form and frequency can be seen, photo¬ 
graphed, and examined. 

It is clearly possible to cause a to-and-fro motion by the magnetic 
field due to a pair of coils, carrying an alternating current, one above 
and the other below the tube. The cathode ray oscillograph is there¬ 
fore capable of many uses to both physicists and engineers. 

365. Ionization by Collision. Ohm’s law 7 = IR holds not only 
for conducting metals, but also for electrolytes, and the question 
arises as to the truth of that law for ionized gases. If there are two 
parallel metal plates with a difference of potential 7, and if the gas 
between them is “ionized” by means of Rontgen rays, then the cur¬ 
rent I between the plates is carried by means of ions, the positive 
moving in one direction and the negative in the opposite way, each 
carrying their respective charges and delivering them to the plates. 

Some of the ions as they meet will, 
however, recombine and neutralize 
one another. 

Experiment shows that for small 
differences of potential the current I 
is proportional to the voltage 7, so 
that 7/7 is constant, and Ohm’s law 
holds. The number of ions, however, 
is usually limited and might not ex¬ 
ceed a million/cm. 3 , so that a time 



Fig. 392. — Current I Due to Voltage 
V in Ionized Gas, between Parallel 
Plates 


arrives when, with increase, of volt¬ 
age, all the available ions are being 
used and hence the current can no 


longer increase with increase of V, and it is then said to be saturated 


(Fig. 392). As, however, the voltage is yet further increased a 


new stage is reached when the current rises to very high values 
and, ultimately, sparking, or an arc discharge, occurs. Townsend, 
in 1901, explained this final rise of current as due to ionization by 
collision. 


For high voltages the negative electricity is carried by electrons 
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which, colliding with neutral atoms, strip from them other electrons, 
so that two take the place of one, and, speeding up, give rise to 4, 
8, 16 ... in succession. Moreover, with sufficient voltage the 
positive ions begin to act in a similar manner, ionizing by collision. 
No doubt, in the case of electric sparks or flashes of lightning a mile 
or so long, the high voltages cause such ionization by collisions, due 
to both positive and negative ions, so that a high-conducting track is 
produced in the air. 

366. Lightning. It has been stated that Franklin proved that the 
electricity drawn with a kite from the air, or clouds, is similar in 
character to the electricity produced by friction, and that lightning 
is indeed a gigantic spark. The sudden expansion of the air due to 
the great heat occasioned by the flash is the cause of thunder. The 
sound may come to the observer for a period of several seconds, 
since the top of the flash may be many hundreds of feet farther away 
than the base. The peal of thunder may be further prolonged by 
the echoes from such bodies as hills, trees, and clouds. It is possible 
to estimate the distance to the nearest point of the flash by counting 
the number of seconds between the lightning and the thunder, and 
allowing about 1100 feet of distance for every second of time. A 
rough estimate is about a mile for every five seconds. A man walk¬ 
ing generally takes half a second for each step, so that it is easy to 
estimate time without a stop watch when walking, or by “marking 
time” with the feet. 

Numerous observations indicate that the bottom of a thunder 
cloud has in general a negative charge, while the top is positive. 
When lightning occurs the current is from earth to cloud. It seems 
that under several million volts of potential difference between earth 
and cloud, a small “leader” flash, probably consisting initially of 
electrons, descends downwards and reaches the earth, and then a 
stouter flash spreads from the earth upwards to the cloud. It is to 
be understood that this refers to the growth of the flashes, for there is 
doubtless ionization by collision, with positive ions moving up, and 
negative ions earthwards. 

Figure 393 is a photograph of a magnificent flash showing two 
branches of the main flash, and the numerous side branches which 
are probably due to pioneer electrons opening up fresh paths. 

★367. The Wave Lengths of X-Rays. In the chapter on light it will 
be explained how the wave lengths of visible light may be found with 
the help of a spectrometer. This method cannot be used in the case 
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of Rontgen rays. It was found, however, by Laue (1912) that inter¬ 
ference patterns were formed on a photographic plate when a fine 
beam of X-rays passed through a thin crystalline plate, such as mica. 
Sir W. and W. L. Bragg showed that interference patterns also re¬ 
sulted when a fine beam of X-rays was reflected from a crystal such 
as rock salt. The structure of crystals has been explained in Chap- 



Fig, 393. — Lightning 


ter VI and it may well be supposed that the beam of X-rays stimu¬ 
lates or excites the atoms in successive layers. In Sect. 481 the simple 
relation is proved 

n\ = 2 d sin 6 

where X is the wave length of rays incident at an angle d with the 
surface and successive layers of the crystal are at a distance d apart. 
As for n it is an integer with values 1, 2, 3 . . . for first, second, third 
. . . order effects. For example each cube of a rock salt crystal has 
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at its corners alternate atoms of sodium (23) and chlorine (35.5), so 
that the mass of a unit cube is §(23 + 35.5) X 1.64 X 10” 24 gm., where 
the last quantity is the mass of a hydrogen atom. If the density of 
rock salt is 2.17 then the following equation holds, 


whence 


2.17 X d* = $(23 + 35 . 5 ) X 1.64 X 10" 27 
d = 2.80 X 10~ 8 cm., or 2.8 angstrom units 


If 6 is found to be 11.4 degrees then, 

X = 2 d sin 0 
= 1.10 X 10~ 8 cm. 


The angle 6 is found by mounting the crystal on a turntable and 
rotating it about a vertical axis until X-rays falling on an upright face 
are reflected with marked increase of intensity through a slit into an 
ionization chamber connected with a gold leaf electroscope. 

★368. Relativity. It has already been stated that at a given 
point, and at any time, we cannot place four rods all at right angles 
to each other, whereas we can so place three, and therefore our space 
is three-dimensional. So, too, on measuring the three angles of a 
triangle, as Gauss did, from the tops of three mountain peaks, it is 
found that the three angles of the triangle equal two right angles, as 
nearly as the best instruments can measure. Nevertheless the full 
description of the physical universe seems to demand for the happen¬ 
ings or events , a four-dimensional system with three dimensions of 
space and one of time indissolubly interwoven. 

Einstein imagines the happenings of the physical world to be inde¬ 
pendent of the observer and his motion. Absolute time, absolute 
motion, and absolute position alike disappear. Position in space, 
and time, involve each other. “We cannot find out what is the same 
place at two different times, and we cannot find out what is the same 
time at two different places.”* The idea of force is superfluous; 
conservation of energy and conservation of momentum alike appear 
as necessary identities. 

The velocity of light in empty space is considered as absolute, 
c = 3 X 10 10 cm./sec., irrespective of the velocity of the source. 
The mass of a body alters with its speed. If there is a mass m 
at rest with respect to you, the observer, and, if later that very 

* Eddington, Space , Time and Gravitation , Cambridge University Press, p. 51 
(1923). 
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same mass moves past you with velocity v, or if, on the other hand, 
you pass it with velocity v, then its mass is no longer m, but is 

7YI 

M = - 7 ======. If, for example, v = | c, then 1 gm. has a mass 

VI — r/c 2 
1 4 

or or about 

It may be truly objected that we have no knowledge of large par¬ 
ticles moving with so large a fraction of the velocity of light, but 
electrons emitted from radium products attain higher velocities than 
that assumed above, and their masses as measured do indeed increase 
with speed. All this is contrary to the dynamics of Newton, but it is 
desirable to comprehend Newton before proceeding to Einstein. 
Whether with superstudents, in the coming ages, the reverse process 
will be possible, is open to doubt! 

Finally and chiefly, Einstein has linked matter and energy by the 
relation E — me 2 , so that a gram of any material, even at rest, has an 
intrinsic energy of 9 X 10 20 ergs, an enormous quantity; expressed 
in foot-tons it is equal to 3.3 X 10 10 , and sufficient to raise a 30,000- 
ton ship 100,000 feet, or more than 19 miles. 

It must be noted that electromagnetic events have not yet been 
satisfactorily woven with gravitational events in the Einstein geo¬ 
metrical pattern of the physical universe. There are some indica¬ 
tions that the energy of the heat and light radiated from sun or stars 
is due to the disappearance of an equivalent amount of matter, and 
evidence is appearing that the converse may occur and radiation give 
birth to matter. This does not necessarily mean that the universe 
can run on for ever. It does not appear to be infinitely old, on the 
one hand, and on the other, the Second Law of Thermodynamics 
suggests that even if energy is conserved yet it becomes unavailable. 
There are some bold spirits who dispute even this; so the border line 
of physics is full of interest. 

★369. Units. “To the two German mathematical physicists, 
C. F. Gauss (1777-1855) and W. E. Weber (1804-1891) we owe the 
invention of a scientific system of magnetic and electric units not 
defined arbitrarily in terms of quantities of the same kind as them¬ 
selves, but based on the fundamental units of length, mass, and time.” 
Dampier-Whetham’s History of Science, Cambridge University Press. 

Nevertheless, the demands of commerce and law require definitions 
of the most simple and direct kind. Hence the following interna¬ 
tional units: 
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The international ohm is the resistance to an unvarying current 
offered by a column of pure mercury at 0 ° C., 14.452 gm. in mass, of 
constant cross section, and 106.300 cm. long. 

The international ampere is that unvarying current which deposits 
.00111800 gm. of silver per second with a specified solution of silver 
nitrate. 

The international volt will give an international ampere through an 
international ohm. 

The international watt is the energy per second expended when an 
international volt causes an unvarying international ampere. 

The following is the key to the scientific electrical units: 

1 joule = 10 7 ergs 
1 watt = 10 7 ergs per second 


Practical Unit 

E.M.U. 

E.S.U. 

1 ampere. 

tV 

3 X 10 9 

1 coulomb. 


3 X 10 9 

1 volt. 

10 8 

■s&TT 

1 ohm. 

10 9 

i X 10" 11 

1 henry. 

10 9 

i X 10-“ 

1 farad. 

10 -9 

9 X 10 11 


N.B. 1 abampere 10 amperes 

1 statvolt 300 volts 

where statvolt means the electrosta&c unit of potential difference. 

It will be noted that the ratio of the two units, e.m. and e.s., 
involve c, c, 1/c, c 2 , c 2 , 1/c 2 where c is 3 X 10 10 . Now it is a remark¬ 
able fact that the velocity of light is 3 X 10 10 cm./sec., and Max¬ 
well's theory of electricity suggested that light was electromagnetic 
in nature, so it was anticipated that the ratio of the units would in¬ 
volve c as stated. This was proved by measuring the quantity of 
electricity on a condenser in e.s.u., and measuring it also as a current 
for a known time in e.m.u. The correctness of Maxwell's prevision 
was thus verified. 
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370. Introduction. After the preliminary and fundamental work, 
mainl y due to Faraday, Maxwell, and Hertz (Sect. 345), there were 
successive discoveries now largely of historic interest. The whole 
subject was stimulated by Marconi who boldly attacked long dis¬ 
tance transmission. He sent and received messages, first from 
England to France, and later from England to North America. The 
greatest further advances were due to two remarkable inventions, 
the thermionic valve and the grid. Edison had shown (Figs. 394, 395) 
that, with an ordinary carbon filament lamp, it was possible to ob¬ 
tain, in one direction only, a current through the so-called vacuum 



Fig. 394. — Edison Fig. 395. — A Battery Fig. 396. — Fleming 
Effect Reversed, P is Nega- Valve 

tive to P/ Electrons 
Cannot Pass from P 
to P, No Current 
through Galvanom¬ 
eter. 

between the filament and an electrode sealed into a side of the lamp. 
This property was investigated by Richardson, Langmuir, and others, 
and it was proved that the current was conveyed by electrons freed 
at the white-hot filament. Fleming (Fig. 396) saw the great im¬ 
portance of this discovery for rectifying alternating current, that is, 
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permitting one half-cycle of an A.C. current to pass, but preventing 
the passage of the other half-cycle. He had, in his thermionic valve, 
a heated filament and a plate near it, which might, for example, be a 
nickel cylinder round the filament, but insulated from it. 

Similar rectification had already been achieved by numerous 
methods, of which the most famous was the crystal detector , made of 
crystals of various materials, such as carborundum, galena, or silicon, 
which permitted the current to pass in one direction only. 

371. Vacuum Tubes. The second great invention was that of 
de Forest, who added, between the filament and plate, a control elec¬ 
trode commonly called the grid (Fig. 397), consisting of 
a spiral wire or a sieve-like cylinder of metal. The 
passage of the electrons from the filament can be en¬ 
tirely controlled by variations of the potential of the 
grid. If the grid is strongly negative to the filament 
the electrons are hindered from coming out of the fila¬ 
ment, but when the grid is positive they are aided in 
doing so, and they then pass through the large openings 
in the grid on to the plate. A high potential battery 
between the filament and the plate causes a good 
current due to the passage of a large number of elec¬ 
trons, each contributing its electronic charge. The 
Fleming valve may be called a diode and the de Forest 
valve a triode. The control of the current to the plate, 
by applying to the grid a moderate potential variation 
due to a microphone, makes it possible to send all forms of speech 
and music by radio-telephone, and to broadcast over great distances 
to large audiences. Similar valves or tubes, known as “ repeaters/' 
are used for long distance telegraphy or telephony, when signals or 
messages are sent along wires or cables. Such valves strengthen, or 
“amplify,” the signals when they become weak, or “attenuated.” 
It is also possible to send many messages at the same time along the 
same wire, each signal or speech with its own “carrier” frequency, 
or range or “band” of frequencies (Sect. 376). Messages from un¬ 
desired stations may be eliminated at a receiving station by electric 
“filters” with inductances and capacitances which pass the desired 
frequency and block out the rest. 

After these introductory remarks it will next be shown that 
electron tubes can (1) rectify, (2) detect, (3) amplify, (4) oscillate, 
and (5) modulate, and attention will then be given to the trans- 



Fig. 397. — De 
Forest Tube 


such as that 
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mission and reception of radio or wireless waves, and to the methods 
by which signals, speech, or music are conveyed to the listener. 

372. Rectification. If with a Fleming vacuum tube, or diode 
(Fig. 396), an alternating current supply is attached to P and P, then 
when P is positive to the filament a current will pass in the circuit 
from plate to filament, carried by a shower of electrons from the 
filament, and the hotter the filament the greater the possible current. 
In the other half-cycle no current will flow, because P is then nega¬ 
tive, so that the alternating current will be changed into a discon¬ 
tinuous direct current; see the full lines in Fig. 398. This may be 
“smoothed out” to a considerable extent by insertion of a large 



Fig. 398 Fig. 399. — Rectification with Two Fleming 

Diode Tubes 

inductance and a large capacitance, which store up electrical energy 
during the peak energy periods and release the stored energy at the 
periods when the rectified energy is low. By using two valves alter¬ 
nately (Fig. 399), it is possible to obtain direct current from both 
halves of the alternating current, as shown by the full and dotted 
lines in Fig. 398. 

373. Detection. If with a de Forest tube or triode a small variable 
voltage source, alternating or otherwise, be attached to the terminals 
F and G (Fig. 397), then the current in the plate circuit will change 
with variation of the grid potential. If the conditions are such that 
a small increase of grid potential causes a marked increase of plate 
current, while an equal decrease of grid potential causes a smaller 
decrease of plate current, then the average value of the plate current 
will increase whenever an alternating potential is applied to the grid. 
Such a condition is indicated in Fig. 406 (Sect. 380) by the point 
P where the curvature is large. The increase in average value of 
the plate current whenever an alternating potential is applied to the 
grid is the essential part of the detector action of a triode. Detection 
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therefore occurs when the tube is operated on the curved portion of its 
characteristic curve. 

374. Amplification. Amplification of voltage may be obtained by 
the scheme shown in Fig. 400 where the input A.C. voltage, on the 
left, is connected to the grid and to the negative side of the filament. 
A battery, B, of high voltage is also 
connected to the filament and plate, 
the connections passing through an 
adjustable resistance R, on either side 
of which are two leads with ends P 
and Q. From P and Q an output 
potential-difference, or voltage, may be 
obtained, and if this voltage is greater than the input voltage, amplifi¬ 
cation is achieved. A good valve will repeat accurately, and amplify 
an input signal four or fivefold, and three such amplifiers in succession 

may magnify a signal a hundred¬ 
fold. For undistorted amplifica¬ 
tion (refer again to Fig. 406) the 
triode must be operated on the 
straight portion of its characteris¬ 
tic curve, so that any variation 
in grid potential produces a corre¬ 
sponding change in plate current. 
The output voltage is at any in¬ 
stant equal to the product of the 
resistance R and the current in R. 

375. Continuous Wave Oscilla¬ 
tions. Oscillations are usually 
impeded or “damped” by resist¬ 
ance, so that the amplitudes 
successively decrease and ulti¬ 
mately become zero. This is 
true, for example, of the alternat¬ 
ing discharge of a spark between 
Rectified Wave two metal knobs. The electron 

Fig. 401 . — Rectified Waves or thermionic tube enables the 

experimenter or operator to ob¬ 
tain “continuous waves,’ or alternating current of constant am¬ 
plitude (Fig. 401). In Fig. 402 is a triode valve, with the filament 
heated by a low voltage or so-called A battery, the heating circuit 




Output 

voltage 


Fig. 400. — Amplification 
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including an adjustable resistance to vary the voltage, current, 
temperature, and possible electron emission of the filament. The 
grid and negative leg of the filament are connected to an oscillating 
circuit consisting of an inductance L , and an adjustable capaci- 
tance C, of which the period of oscillation is T = 2't VLC . Note, 

however, in the diagram the addi¬ 
tion of an inductance or reactance 
coil L', close to L, and said to be 
“coupled” with it. This induc¬ 
tance V is connected w r ith the 
plate Pj and also to the high volt¬ 
age or B battery, while the other 

Fig. 402. — Continuous Wave Oscillator P ole ° f the batter y leads to tbe 

filament. Suppose that some 
slight electrical disturbance stimulates the LC circuit a little, so 
that electrons begin to pass from F, through the positive grid, to 
the yet more positive plate. This current also passes through 
L\ and by mutual inductance stimulates or reinforces the cur¬ 
rent in L continuously, so that, with suitable adjustments, the 
oscillations are no longer damped. The energy required to overcome 
the electrical resistance, w T hich is 



the cause of damping, is drawn 


Antenna 


mainly from the high voltage 
battery B. 

376. Modulation. If there is a 
system, such as in Fig. 402, which 
produces continuous wave oscilla¬ 
tions, then it is possible to “mod¬ 
ulate ” or slowly vary the ampli¬ 
tudes of the high frequency 
oscillations by combining with 
them another set of lower fre¬ 
quencies, such as those due to 
music or the human voice. 

In Fig. 403 the high frequency 



Fig. 403. — Simple Transmittei. Contin¬ 
uous Wave Modulated 


is governed by the oscillation period of C and L, while the microphone 
M, with a battery, is connected to an iron-cored transformer T, the 
other terminals of which are connected to Ci, so that the voice or 


music causes electrical oscillations which combine with those from L 


and C. The variations of potential due to the microphone are led to 
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the grid and affect the plate-filament current and the amplitudes of 
the oscillations. Instead of the constant wave oscillations, with uni¬ 
form amplitude, there is a continual slow change of amplitude, as 
shown in Fig. 401. This variation is described as modulation. Thus 
“speech/ 7 of audio-frequency, is impressed upon the “ carrier 77 or 
“radio waves, 77 and at the receiver end these variations can be con¬ 
veyed to the ear, as will be explained shortly. It may be stated 
generally that such messages can be transferred as waves through 
space, and are then improperly said to be “on the air 77 ; or the waves 
may be sent and guided along telephone or telegraph wires, so that 
each group of carrier waves is distinctive and separate from the rest, 
having assigned to it a certain frequency, or rather band of frequen¬ 
cies, within which bounds its signal variation should be contained 
without trespassing on the frequency domain of other stations. 

377. Transmission. Simple apparatus (Fig. 404) is sufficient to 
send Morse signals (short and long, dot or dash) by means of a key, 
which makes or breaks the current 
in a continuous wave oscillating 
set. In the diagram L and C con¬ 
trol the frequency, and the coupling 
between the upper and lower parts 
of L secure regeneration. The key 
is grounded on one side for the 
security of the operator. Note 
the variable capacitance between 
the set and the antenna. This 
aerial, as it is more commonly 
called, consists of one or more in¬ 
sulated wires, which may be hori¬ 
zontal or vertical, and may some¬ 
times constitute a network. 



Amateurs, using some such ap¬ 
paratus as that described and 
employing short wave lengths of 
about 10 to 30 meters, with sur- 


Fig. 404. — Transmission of Moran Sig¬ 
nals. Hartley scheme using key, triede, 
A and B batteries; C and L circuit gov¬ 
erns the period T - 2x VZC. 


prisingly low power, even as low as 10 watts, have sent and received 


signals in code over many thousands of miles; for example, across the 


Atlantic. 


When it is desired to transmit speech or music the arrangement 
shown in Fig. 403, where the microphone M modulates through the 
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transformer T the high frequency oscillations controlled by L and 
C, may be used. There is inductive coupling with L z , one terminal 
of which leads to the antenna and the other to the ground. It must 
be confessed, however, that the arrangement shown has been se¬ 
lected for simplicity of description, rather than for its excellence of 
behavior. This system has the bad habit of spreading far from its 
assigned frequency or “band,” and its use is therefore forbidden by 
the government unless three tubes are used; the first to oscillate, 
the second to amplify, and the third to modulate the amplification. 
The more complicated circuits are beyond the scope of this book. 

378. Reception. In general the principles of reception are similar 
to those of transmission, but with the ear and telephone receiver 
replacing the voice and microphone. The radio waves from the 
distant transmitter, traveling through space, impinge on the re¬ 
ceiving aerial and set up oscillations in it. There is capacitance 
coupling, by means of C" (Fig. 405) with the main tuned circuit 
L and C. The triode is very near to oscillating owing to the regenera¬ 
tion due to the inductance coup¬ 
ling between L and L h In this 
way all the energy losses in the 
L-C circuit are nearly eliminated 
and the receiver becomes very 
sensitive to the influence of im¬ 
pressed signals of the frequency 
to which it is tuned. If the L-C 
circuit is oscillating at the re¬ 
ceived frequency, however, the 
apparatus acts as a local trans- 
, mitter and produces undesirable 

A, low tension battery to heat filament u . ,, 

B, high tension battery, supplying fila- re-radiation, OWing to the 

ment-piatecurrent ‘heterodyning” (Sect. 384), or 

g grid 1611 * combination between its own and 

P* pi a te the incoming signals; there may 

be sqeals, howls, and a general 
distortion of signal, whether speech or music. In fact the best con¬ 
ditions are reached when the whole receiver is adjusted so that it is 
just not oscillating, and this adjustment is made by varying the 
coupling between Li and L until the best results are actually obtained. 
It will be noted that the connections from the C and L tuned circuit 
are connected to the negative side of the filament, and to the grid, thus 



Fig. 405. — Receiving Set 
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controlling the outflow of electrons from the filament by the potential 
variations of the grid. The high voltage B battery (perhaps 45 volts) 
causes a large plate-filament current, controlled and modulated by the 
grid according to the waves reaching the antenna, and these uni¬ 
directional plate-filament currents pass through the telephone, so 
that the ear receives and appreciates the modulations of the ampli¬ 
tudes of the inaudible carrier wave. In the case of distant stations, it 
may be necessary to amplify as well as to detect the signals, and such 
amplification may be contrived either in the case of the radio or of the 
audio-frequency, or of both. There is a tendency to replace the old 
train of valves in series by single valves containing a greater number 
of electrodes, and capable of greater amplification per tube. Such 
a valve is the tetrode (four electrode), or screen-grid, valve. In this 
case the amplification is one to four hundredfold per tube, as com¬ 
pared with the usual fivefold of a triode. 

379. Classification of Waves. The following list gives the usual 
classification of wave lengths and corresponding frequencies. 


Frequencies Wave Lengths 

KILOCYCLES METERS 


Long Waves. 100-10 

Medium Waves. 750-100 

Intermediate (or Critical) Waves. 2000-750 

Short Waves. 30,000-2000 

Ultrashort Waves.about 30,000 


3000-30,000 
400-3000. 
150-400 
10-150 
below 10 


380. Characteristic Curve. A single triode valve may be tested by 
impressing a measured voltage between filament (-) and grid, 
and measuring the corresponding current between plate and fila¬ 
ment (“). The results of an actual test for a 201 A vacuum tube 
are shown in Fig. 406, where there are three curves corresponding 
to plate voltages of 44, 89, and 134 volts. Along the lower line 
are the grid volts ranging from -24 to +24 volts, while the plate 
currents, expressed in milliamperes, are shown on the left, from 0 to 
15 mA. 

For example, with a plate voltage 44 and a grid voltage —6 the 
plate current is zero, while with zero grid voltage the plate current is 
1.6 mA. With increasing grid voltage the curve straightens, and in 
the region of Q equal changes of grid voltage, right and left, produce 
equal changes of plate current, up and down — conditions favorable 
for amplification. 
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The best conditions for detection and modulation may be found in 
the region P, with 134 plate voltage. Equal changes, right and left 
of P, in the grid voltage will produce markedly unequal changes, up 
and down, in the plate current; a condition which is good for de- 



-24 -18 -12 -6 0 +6 +12 +18 +24 

Grid Voltage in Volts 


Fig. 406. — Characteristic Curve. Region P for Detection or Modulation. 
Region Q for Amplification. 


tection of varying signals, for there results what is equivalent to 
partial rectification. 

381. How the Radio Waves Travel. In a vertical antenna there 
is, when transmitting, an oscillating or alternating current of high 
frequency. In the case of waves of 300 meters, for example, the 
frequency is a million cycles per second. At any instant the lines of 
electrostatic force pass from the earths surface to the antenna when 
it is negative, and in the reverse direction when it is positive, these 
changes taking place perhaps two million times a second. It may be 
. K layer imagined, rather crudely, that 

the “lines” break off some- 
Ground f what as in the diagram (Fig. 
-^~py 407), the lower ends of the 

1 lines traveling outwards along 
Fig. 407. — An Aerial with High Frequency the Conducting ground while 
Current Showing the Electromagnetic Waves the upper ends are moving 
Breaking Away and Radiating in All Direc- ^ 

Round the antenna, as is the 
case with all currents, there will be a field of circular lines of magnetic 
force also reversing direction two million times a second and traveling 
outwards with consequent quick reversal of direction at any given 
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point. It is possible to consider either the electrostatic lines or the 
magnetic lines which occur together, at right angles to each other, and 
in general perpendicular to the direction of the propagation of the 
wave. The waves traveling along the ground weaken in intensity with 
increasing distance, and are not usually detectable after a few hun¬ 
dred miles. How, then, is it possible for the signals to travel com¬ 
pletely round the earth, which ordinary light cannot do? It has been 
proved that there are at least two reflecting layers, the lower, E or 
Kennelly-Heaviside layer, about 100 kilometers above the earth, and the 
upper, F or Appleton layer, about 200 kilometers from the ground. 
The heights of these layers are, however, variable; they are different 
by day and by night, and have also seasonal and long-period changes. 

The layers consist of ionized air which is conducting and therefore 
capable of producing reflection and refraction of radio waves, or of 
“mirror” and of “mirage” effects. There is some evidence to in¬ 
dicate that these conducting layers are ionized, at least in part, by 
ultraviolet rays from the sun, and this may account for the difference 
in strength between day and night signals, and for the loss of in¬ 
tensity during a total eclipse of the sun. 

Signals of selected wave lengths sent straight up from the earth 
have been reflected to and fro at least ten times between the Appleton 
layer and the earth, indicating a total journey of about 4000 kilo¬ 
meters and proving that the layer 
and the earth are both excellent 

reflectors. ° 2 °°° 

The waves leaving the trans- 200 km \ 

mitting aerial may pass along the \ 

ground and gradually become to Earth's center 

weakened or attenuated. Short _ 6400 km - 

. _ _ _ _ Fig. 408. ~ Reflection of Radio Waves 

waves, that is of less than 80 

meters wave length, can only be detected, after reflection, beyond 
a definite minimum distance called the “skip” distance, while the 
ground waves, for short wave lengths, rapidly disappear. There is 
necessarily an annular ring round the transmitter, beyond the reach 
of the ground wave and within the possible range of the “sky wave,” 
wherein no reflection is possible. This is one of the disadvantages 
of short waves. 


to Earth's center 
6400 km. 

Fig. 408. — Reflection of Radio Waves 


In Fig. 408 there is an attempt to show, roughly to scale, the 
method of reflection by which radio waves can, by one or more 
reflections, reach distant stations. 
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Pig. 409. — Thermogal- 
vanometer 


★382. On the Measurement of Electric Waves. If two long par¬ 
allel (lecher) wires are placed a few inches apart, disconnected at the 
far end and connected to an oscillating circuit of an inductor and 
capacitor* in parallel at the near end, then nodes and loops can be 
detected by a neon-filled tube placed at right angles to the wires at 
various points along them, provided that the inductor is coupled 
with a short wave oscillating set and that the circuit is tuned to reso¬ 
nance with it. If the nodes are one meter apart along the wires 
then the wave length is two meters, for these are ''standing waves 7 ' 
somewhat as in organ pipes or Melde's experi¬ 
ments. A two-meter wave length indicates the 
high frequency of 150 million cycles per second, 
or 150 mega-hertz. 

A thermogalvanometer (Fig. 409) can be con¬ 
nected to the oscillating circuit in place of the 
lecher wires, and when the capacitor is varied 
until there is resonance with some oscillating 
system near at hand and under test, there will 
be a quick response from the needle of the gal¬ 
vanometer which can be calibrated to read wave lengths or frequen¬ 
cies as desired. Such apparatus is known as a wave meter. 

383. Thermogalvanometer. The measurement of small alternat¬ 
ing or direct currents, to which reference has been made, is some¬ 
times effected by passing the current through an exceedingly fine 
wire, of short length, which is consequently heated. A small thermo¬ 
junction (Fig. 409), of dissimilar materials, is adjacent or soldered to 
the middle point of the fine wire, and the heat of the wire produces a 
voltage in the thermocouple detected by a galvanometer which may 
be calibrated to read directly the current in the fine wire. 

384. Heterodyning. If two frequencies are almost equal (Fig. 
410) and are impressed on the same oscillating system by suitable 
transformers, then there will result a system of "beats, 77 and this 
scheme is called heterodyning. Just as two tuning forks (Sect. 148) 
with frequencies of 256 and 258 cycles a second will produce two 
beats a second, so radio frequencies of 100,000 and 102,000 cycles a 
second will produce an audio-frequency of 2000 cycles a second. 
Note that the two radio-frequencies are alike inaudible being far 
beyond the range of the human ear, but that the beat or heterodyne 

* There is a tendency to use the words resistor, inductor, and capacitor for 
devices which have resistance, inductance, and capacitance, respectively. 
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frequency is readily made audible. If either of the radio-frequencies 
is modulated by a microphone transmitter, then the audio-frequency 
will also be modulated, and in a similar manner. 



Fig. 410. — Beats. Two waves having frequencies as 9 to 10, and with equal ampli¬ 
tudes, are combining to give double amplitudes at the ends and zero at the middle. 

385. Gas-filled Tubes. Sometimes thermionic tubes are first evac¬ 
uated and then filled with a trace of an inert gas, such as argon, 
at low pressure, and in that case the current may be carried by posi¬ 
tive and negative ions and not mainly by electrons. The current 
carried may be a thousand times that of a high vacuum tube. 

In other cases a small quantity of mercury is introduced into the 
evacuated tube and the mercury ions take their part in carrying the 
current. It will be remembered that there are more than 10 19 mole¬ 
cules in every cubic centimeter of air at atmospheric pressure, and 
even at a pressure of one ten-thousandth of a millimeter of mercury 
there are a million million such molecules remaining. It is still a 
very crowded region, but one in which the free path, or average dis¬ 
tance between two consecutive collisions, has become large. In 
consequence, both electrons and ions in an electric field acquire high 
velocities, and therefore ionization by collision occurs. It is evident 
that such tubes, partially filled with an inert gas or vapor, ionized 
by collisions, are capable of carrying larger currents than when 
electrons alone are the carriers. There is the further advantage 
that when both types of ions are present a lower potential is effective 
than when electrons alone are present and create an opposing po¬ 
tential due to their “space-charge/ 7 * Gas-filled tubes are mainly 
used as rectifiers or relays or triggers, not for amplifying, modulat¬ 
ing, or detecting. 

386. Eliminators. In the explanation of the use of thermionic 
tubes there has been frequent reference, for the sake of simplicity, 
to low voltage (A) and high voltage (F batteries (see Fig. 402). 

* A large number of ions, or of electrons, mainly all of one type either positive 
or negative, constitute a charged region, briefly described as “space-charge.” 
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These today are largely replaced by rectifying vacuum or gas-filled 
tubes deriving current from the A.C. supply. After rectification the 
sharp unidirectional oscillations in the current are smoothed or 
“ironed” out by suitable coils having inductance or “choking” 
effects, and by capacitors, or condensers, with their property of 
storing and releasing energy, thus giving as a result a source of 


steady direct current. 

387 . Mercury Arc Rectifier. The general principle of the mercury 
vapor (or arc) rectifier may best be explained by a simple diagram 
(Fig. 411). The tube is evacuated, but a 



Fig. 411. — Mercury Vapor 
Rectifier 


small pool of mercury at the bottom forms 
the cathode, while an iron cylinder at the 
other end is the anode. If an A.C. generator 
is connected with these, and if, and only if, 
there are mercury ions present in the tube, 
large currents will pass from iron to mercury, 
but none in the reverse direction. In such a 
case every other half-cycle of the alternating 
current is suppressed (Fig. 398). 

In Fig. 412 are seen two iron anodes in the 
same tube joined to the ends of a transformer 


while the mercury cathode is connected to the 
middle of the same transformer coil, which is ex¬ 
cited with an A.C. generator. It will be clear 
that one half-cycle will pass from the left anode 
and the other half-cycle from the right, so that 
the whole alternating current is now producing 
half-cycles in the same direction between the mer¬ 
cury pool and the middle of the transformer; 
hence D.C. can be obtained between P (+) and 

Q(-). 

In order to ionize the mercury vapor, essential 
to starting the current at all, a small additional 
mercury pool, marked 2 in the diagram, is pro¬ 
vided, and additional apparatus is necessary to 
start a small arc between pools 1 and 2. When 
once started the rectifier will run continuously 
and carry heavy currents. In some districts high 
voltage and low alternating current is used to 



Fig. 412. — Mercury 
Vapor Rectifier 


convey electricity over large distances with small heat losses, after 
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which transformers may reduce the voltage; a current of 60 cycles 
per second may then be changed by a mercury arc rectifier into direct 
current at 500 volts, which appears to be a convenient arrangement 
for driving the cars with the D.C. motors of a street railway. Indeed 
the conversion of A.C. to D.C. is at present necessary because direct 
current motors are far more efficient than alternating current motors 
in all cases when the motor is continually being stopped and started 
under load. 

388. Photo-conducting Cell. If the element selenium is used as a 
resistance in a circuit with a battery and galvanometer, it is easy to 
show that the resistance of the selenium is strongly affected by the 
amount of light falling upon it. As the light increases so the resist¬ 
ance decreases. It seems that the light frees more electrons in the 
selenium to carry the current. Such an arrangement is called a 
photo-conducting cell. The property is not confined to selenium; 
for example, cuprous oxide and many metallic sulphides conduct 
better under the influence of visible light. 

389. Photoelectricity. The photoelectric cell used in television has 
a much swifter reaction to light than a selenium cell. A bulb is 
evacuated containing a silver plate coated with cesium. A small 
quantity of the inactive gas argon is introduced. The plate forms the 
cathode and when light falls upon it electrons are instantly released 
and drawn to a circle of wire which forms the anode. 

390. Photonic Cell. This instrument is “light-sensitive” so that 
it can produce an electromotive force without the help of any battery 
or its equivalent, somewhat as the Seebeck effect due to heat. For 
example, copper oxide and lead in contact will produce in sunlight an 
electromotive force which can be measured with a galvanometer. 
Such cells can register or measure the foot-candles, or lumens, at a 
given point, and they can be used to record the number of people 
passing down a passage, intercepting light from a source to the cell. 
With a photronic cell and a milliammeter or microammeter it is 
possible to make a survey of the lighting in rooms, buildings, or 
streets. 

The Weston Photronic cell (Fig. 413) consists of a circular plate 
of metal, such as iron, coated with a thin layer of selenium over 
which a semitransparent metallic film has been deposited. Light 
passing through the film causes electrons to leave the selenium 
and enter the film. Hence the film is negative and the current 
flows from the iron plate through the outside conductors to the 
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film and downwards through the cell and the entire electrical energy 
is derived from the energy of the incident light. The electro¬ 
motive force of the device is approximately proportional to the 




illumination. The current may pass through an external resistance 
and a galvanometer. 

The current through an external resistance of 100 ohms when the 
illumination is 100 foot-candles (1.2 lumens) is about 138 pA, and 



© TELEVISION 

Arc, Lens, Rotating- Disk, with spiral holes. Object, 
Photocell, Amplifier, Transmitter, Aerial, Radio 
waves, Aerial, Detector, Amplifier, Neon Lamp 
varied with reception, Lens, Disk with spiral holes. 
Screen. 

Holes spiral in Disk and scan 
up-and-down; to-and-fro. 

Fig. 414 

for 200 foot-candles about 270 /iA, so that the relation current/illumi¬ 
nation is nearly constant. This cell is not quick enough in response 
to replace the photocell for television. 
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391. Television. The transmission of pictures by radio may be 
said to be in the development .stage, for there are many great, but 
not insuperable, difficulties involved. A study of the diagram 
(Fig. 414) shows how the bright light from an arc lamp falls on a 
rotating disk and passes through holes arranged spirally so as to 
achieve “scanning” both up and down, as well as to and fro. The 
varied shading of the object thus scanned affects the photocell cur¬ 
rent which, after amplification, is taken to the aerial, whence waves 
consisting of carrier waves modulated according to the light and 
shade of the object scanned are radiated. 

A distant aerial receives the radio waves and, after detection and 
amplification, the current varies the intensity of a neon lam p, the 
light from which passes through a second revolving disk with holes 
arranged spirally as before. The light falls on the screen which is 
swept so swiftly that the image appears to the eye as continuous. 
It will be understood how difficult it is to obtain sufficient intensity 
of light both in transmission and in reception. 

PROBLEMS 

1. In the ease of radio, express the following wave lengths in kilocycles: 
300 meters; 45 meters; 2 kilometers. 

(1000 kc; 6666 kc.; 150 kc.) 

2. What would be the frequency of Rontgen, or X-rays, with a wave 

length of 1.2 X 10“ 5 cm.? (2.5 X lO^/sec.) 

3. How many electrons are necessary to carry a coulomb of electricity? 
How long would this process take with a current of 1 mA? 

(6.29 X 10“; 1000 see.) 

4. An oscillating circuit contains little resistance, 120 mH, 3 W F. What 
is the period, frequency, and wave length radiated? (3.77 X 10-» sec.- 
265 kc; 1.13 km. N.B. T = 2 t ■s/LC; f = 1/T; X = c/f, where c = 3 X 
10 10 cm./sec.) 



CHAPTER XVII 

LIGHT 

392. Introduction If we light a candle in a dark room, not only 
is the flame itself visible to us, but other objects are also made visible 
by the presence of the flame. We say that the flame is the source 
of some physical action which affects the sense of sight, and this 
physical agency is called light. What is the nature of this physical 
agent? What are the laws governing its production at the source, 
and its passage to the eye? To what are due the various colors seen 
by the eye? These and many other less obvious questions arise 
when we consider broadly the phenomenon of seeing. Moreover, it 
is found that along with light there is produced by most sources 
something very similar which, however, does not affect the sense of 
sight, called ultraviolet radiation and infrared radiation. The general 
subject of light deals with the laws governing all of these radiations, 
even though they do not affect the eye. 

393. The Nature of Light. Sight is by far the most important 
of our senses, and has been from early times the subject of observa¬ 
tion and speculation. In particular, opinions as to the nature of 
light have passed through a most interesting series of changes. 
The first idea was that vision was due to something emanating from 
the eye of the observer, and not till about 350 b.c. did Aristotle raise 
the question: if the eye is the source why cannot we see in the dark? 
This hypothesis was later replaced by the more reasonable one that 
light was a stream of particles or corpuscles emanating from the source 
and moving in straight lines unless deviated by reflection or refraction. 
This corpuscular theory of light, accepted for many centuries, and 
developed most ingeniously by Newton, gave way in turn to the 
wave theoiy, advocated by Huygens and Young. According to this 
theory, light was a series of waves whose nature, at first left unde¬ 
termined, was later considered to be similar to elastic waves in a 
jellylike medium supposed to penetrate all space. The point of 
view shifted again in 1862 when Maxwell, basing his theory on 
Faraday’s experiments in electromagnetic induction (Sect. 327), 
showed that the wave hypothesis could be worked out more simply 
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and completely* if the disturbance constituting a light wave was 
assumed to consist of electric and magnetic forces. Early in the 
present century there developed a group of experimental observations 
(see photoelectricity) which could not be reconciled with the wave 
concept of light, but suggested to Einstein that the energy of light, 
and radiation in general, was concentrated in elements called quanta, 
the amount of energy per quantum increasing directly as the fre¬ 
quency (i.e., the number of vibrations per second) of the light. The 
present point of view is a combination of the wave and the quantum 
theory which may be roughly described by saying that in considering 
most aspects of the passage of light from point to point, the wave 
theory gives a correct answer, while for such questions as the origin 
of light or the details of its action upon matter, the quantum theory is 
the more useful. We shall therefore use, in the appropriate circum¬ 
stances, both the rules based on the wave hypothesis and those based 
on the quantum hypothesis, and the inconsistency of these two points 
of view will, perhaps, confuse the reader less if he will bear in mind 
that our primary purpose is not so much to decide what light is as to 
describe in the simplest possible terms how it behaves. 

Light from the sun produces an effect on the eye which is usually 
described as white. It is possible by the use of prisms and gratings, 
which will be discussed later, to analyze sunlight (or the light from 
any other source, for that matter) into its constituent waves and to 
measure their length. Such a spreading out of waves in the order 
of their length is called a spectrum, and since it is found that only 
wave-lengths between about 0.0004 mm. (violet) and 0.00076 mm. 
(red) affect the sense of sight directly, this range of wave lengths is 
called the visible spectrum. The various wave lengths of the visible 
spectrum produce different color sensations in the eye, and though 
these sensations change continuously from one end of the spectrum 
to the other, nevertheless it is common practice, following Newton, to 
describe the visible spectrum as made up of seven regions which are 
in order beginning at the long wave end: red , orange , yellow , green, 
blue , indigo , violet , see Fig. 415 (a). For convenience in expressing 
tEe wave lengths of light a special unit has been adopted, called the 
angstrom unit (symbol A). It is equal to 0.0000001 mm., and was 
named m^ ^ of the pioneer Swedish student of spectra Krmt 
Angstrom (1814-1874). In these units the limits of the visible 
spectrum are 4000 A and 7600 A. Waves shorter than 4000 A are 
called ultraviolet , those longer than 7600 A are called infrared. A 
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spectr um in which all wave lengths within the limits of the spectrum 
are present is called continuous, and such are produced by hot solids, 
as for example the filament of an incandescent lamp. On the other 
hand hot gases, or vapors, or gases through which an electric discharge 
is passing give a discontinuous spectrum containing in some cases only 
a few wave lengths in the visible range — as, for example, the yellow 
light due to sodium produced by burning salt (NaCl) in a Bunsen 
burner. 

394. Rec tilin ear Propagation. Undoubtedly the earliest observed 
characteristic of light, which suggested the corpuscular theory, is its 
propagation in straight lines. All our ordinary actions which result 
from seeing, as, for instance, reaching for an object seen, as well as 
all our elaborate and precise methods of surveying, are based on the 
idea of rectilinear propagation. This may be illustrated by the very 
sim ple experiment of allowing the light from a candle or electric light 
bulb to pass through a small hole, perhaps 1 mm. in diameter in a 
sheet of tin or cardboard, and fall on a white screen. An inverted 
image of the source will be observed on the screen, and the corre¬ 
sponding points of source and image will 
lie on straight lines, as shown in Fig. 416. 
In this respect light appears to behave 
very differently from sound, which 
spreads through a wide angle in passing 
through an opening — in other words, an 
obstacle casts a relatively sharp and 
complete light shadow, but a diffuse and 
incomplete sound shadow, in general. 
We shall later describe more precise 

experiments which show that while in the above experiment (Fig. 
416) the most intense light from any point of the source is indeed to 
be found on the straight line from this point through the center of 
the aperture, nevertheless the light does spread slightly even in a 
homogeneous medium. 

395. Shadows. Objects which do not transmit light are ,called 
opaque, and such an object placed between a source and a screen 
casts 'a shadow the boundary of which could be found, in accordance 
with the idea of the rectilinear propagation of light, by drawing 
straight lines from the source tangent to the obstacle and intersecting 
the screen. Evidently if the source were not a point but had an 
appreciable size, there would be a set of such tangents for each point 



Fig. 416. — Rectilinear Propaga¬ 
tion of Light 
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of the source, and the darkest part of the shadow, called the umbra, 
which is completely cut off from all points of the source, would shade 
off gradually into the brightest part of the screen which is exposed 
to all parts of the source. The region of partial shadow is called 
the penumbra and is the region of partial eclipse, while the umbra 
is the region of total eclipse, in the case of an eclipse of the sun by 
the moon (Fig. 417). This blurring of the edge of a shadow has 
nothing to do with the slight departure from rectilinear propagation 
to which reference has been made. 

396. Intensity of Light. In the chapter on heat we have already 
discussed, in connection with the law of conservation of energy, the 
idea that radiation in general, including light, involves the passage 



of energy from one point to another through space. This suggests 
at once the definition of the intensity of a beam of light as" the energy 
transmitted per second per unit area normal to the direction of propa¬ 
gation and, similarly, the intensity of light on a screen would be the 
energy reaching the screen per second per unit area. We shall later 
discuss methods of measuring intensities absolutely. 

If we imagine a point source of light which emits uniformly in all 
directions in free space, and consider two spheres of radius r 0 and r 
having the source as center (Fig. 418), the law of conservation of 
energy tells us that the flow of energy per second through the spherical 
surface 4 W must equal the flow per second through the surface 
4 7rr 2 , and hence if J 0 and I r represent the intensity of the light at 
distances r 0 and r respectively, we must have 

47rr 0 2 /o = 4:Tr 2 I r or y — 

lr To 2 

If To is taken as unity, then I 0j the intensity at unit distance from the 
source, is a convenient measure of the strength of the source, and the 
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intensity at any distance r is given by I r = To A 2 - In the case of a 
real source of light having appreciable size, the inverse square law 
must in strictness be applied to each point of the source; but if the 
dimensions of the source are small in comparison to the distances at 
which intensities are to be computed, the source may be treated as a 
pomt without serious error. 

397. Photometry. The inverse square law for the falling off of 
intensity from a point source is useful in comparing intensities from 
sources which, in comparison with the distances involved, are small 
enough to be treated as points. The comparison of intensity from 
different sources is called photometry, and the simplest instrument 
used for this purpose is the grease-spot photometer .of Bunsen (Fig. 
419), the essential part of which is a flat screen of white paper having 
Mirrors a translucent grease spot at the 

center which transmits some 
s *” \.U light. The screen is illuminated 

Vi screen on its two sides by light from 

V the two sources S and S' which 

Fig. 419°-:Bunsen Photometer are to be Compared. If the illu- 

mination is more intense on one 
side of this screen, then the grease spot will appear dark if viewed 
from this side, but bright if viewed from the side of weak illumination. 
The spot will very nearly disappear if the illumination is equal on 
the two sides, and this can be brought about by moving the screen 
to the proper position between the two sources. The mirrors M 
allow both sides of the screen to be seen at the same time. If 7 0 and 
IY are the intensities at unit distances produced by the sources S and 
S'j and ri and r 2 are the distances from these sources to the screen at 
the position of balance, then for equality of illumination 

Io' 


whence 

Many other forms of photometers have been devised, all dependent 
upon an adjustment to make two surfaces appear equally bright. 
The sharper the boundary between the two areas, the more accurately 
an adjustment to equal brightness can be made, and one of the best 
devices for securing a sharp boundary is the Lummer-Brodhun 
“cube” illustrated in Fig. 420*. This consists of two right-angled 
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prisms, the hypotenuse face of one being ground away, leaving a 
circular area which is cemented to the hypotenuse of the other. By 
means of two auxiliary mirrors light from one side of a white screen is 
sent through the center portion of the cube, while light from the other 
side of the screen is totally re¬ 
flected (Sect, 423) from the 
surrounding ring. The bound¬ 
ary of the central ring is very 
sharp so that an accurate ad¬ 
justment to equality of illumi¬ 
nation can be made. 

In all of our discussion of 
photometers it has been tacitly 
assumed that the two sources 
being compared have the same 
color. If they have not the 
same color, then an accurate 
photometric balance, i.e., ad- 
justment to equal brightness Fig. 420. - Lium.ier-Brodhun Cube 
of a screen, cannot be reached 

by any of the devices we have described. The comparison of sources 
of different color will be considered later. 

398. Photometric Standards. In order to express intensities nu¬ 
merically it is evident that we must have standards or units of inten¬ 
sity, as well as the methods of comparison which have been described. 
The early standards, based on the use of a candle burning a specified 
amount of a certain wax per hour, were difficult to reproduce accu¬ 
rately and have been superseded by certain incandescent electric 
lamps operated with a specified power consumption, which produce 
at a specified distance an intensity approximately equal to the old 
standard. Such standard lamps, whose relative values are accurately 
known, are maintained at the U. S. Bureau of Standards and other 
national physical laboratories. The unit of intensity of illumination 
ilJthe.fpot-eandie , which under the old system was defined as the 
intensity one foot from a standard candle, and is now defined as the 
intensity at a specified distance from one of the adopted standard 
Jamp bulbs — for example, at 4 feet from a “16 candle-power” bulb. 
The lumen is the more commonly used photometric unit of flux, or 
flow of effective light energy, and is equal to the flux per unit area 
where the luminous intensity is one foot-candle. It should be borne 
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in mind that no source radiates equally in all directions, so that not 
only the distance but the orientation of the bulb must be specified in 
defining a standard lumen. 


TABLE XXV 

Intensities op Illumination 
(Approximate values in foot-candles) 


Full moonlight. .04 

Minimum for reading. 8 

Best for reading. 12 

Sunlight. 10,000 

Outdoor shade. 1000 


VELOCITY OF LIGHT 


399. Common observation shows us that the velocity of light is 
much greater than that of sound. For example, the thunder always 
lags noticeably behind the flash of lightning. It is not surprising 
therefore that the first attempts to measure the velocity of light 
failed because of inaccurate methods of measuring small intervals of 
time, and that the first successful measurement made use of astro¬ 
nomical distances for which the times of travel are great enough to 
be measured easily. 


400. Astronomical Methods for Determining the Velocity of Light. 

The Danish astronomer Romer was the first to measure the velocity 
of light, in 1675, and the principle of his 
method can be made clear with the diagram 
in Fig. 421 in which 8 is the sun, E h E 2 the 
earth and Ji } J 2 Jupiter at two positions in 
their orbits. Romer observed that the in¬ 
tervals of time between the eclipses of 
Jupiter's satellites, as they moved in^ their 
small orbits around that planet, varied as 
the earth changed its position. When the 
earth is nearest Jupiter, as at E h the eclipse 
interval is about 42.5 hours, and as the^ 
distance between the earth and Jupiter in¬ 
creases the eclipse interval increases, so that when the positions E 2 
and J 2 are reached the observed time of an eclipse is about 16 
minutes later than would be predicted from the length of the shortest 
interval. This delay was attributed by Romer to the fact that in the 
position E 2 J 2j as compared to EiJi, light from Jupiter to the earth 



Fig. 421. — Homer’s Method 
for Determining the Veloc¬ 
ity of Light 
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had to travel farther by the diameter of the earth’s orbit. The 
velocity of light would evidently be obtained by dividing the diameter 
of the orbit by the time of delay, and from later determinations of 
these two quantities one obtains a velocity of about 3 X 10 10 centi¬ 
meters per second. 

Romer’s conclusion, not believed at the time, was confirmed in 
1727 by a very different astronomical method by Bradley (Fig. 422). 
He observed that the apparent positions of the fixed stars varied with 
the velocity of the earth in its orbit, 
the maximum displacement or change 
in apparent position being the same for 
all stars. By analogy with the ac¬ 
cepted method of compounding veloc¬ 
ities (see Sect. 15) Bradley interpreted 
this as being due to the combination 
of the velocity of light and the velocity 
of the earth. If c represents the ve¬ 
locity of the light from a star, and V 
the velocity of the earth in its orbit, 
then the relative velocity of the light 
with respect to the earth will be ob¬ 
tained by combining c with V reversed, 
and in order that a telescope should point at the apparent position 
of the star, the telescope axis must be directed parallel to the result¬ 
ant c r . At one position of the earth, its velocity will be perpendicular 
to the direction of the star, and directed to the right; at the opposite 
point in the orbit it will be again perpendicular to the line of motion 
of the light but directed to the left; hence the apparent position of the 
star will have changed by twice the angle <t> and tan <j> = V/c. The 
angle <j> is 20.492" and from this and the known velocity of the earth 
in its orbit, about 18.5 miles per second, the velocity of light is found 
to be 2.999 X 10 10 cm. per sec. Bradley’s method is more accurate 
than Romer’s, but both have been surpassed in accuracy by more 
direct terrestrial observations. 

401. Fizeau’s Method. The first direct measurement was by Fizeau 
in 1849, who devised an ingenious arrangement for measuring small 
intervals of time and eliminating any effect of delay on the part 
of the observer. In Fizeau’s apparatus (Fig. 423) light from a 
source S is focused by a lens Li and reflected by a plane mirror Mi. 
The focus F lies in the plane of a toothed wheel W } and after passing 



Star 



Fig. 422. — Bradley’s Method for 
Determining the Velocity of Light 
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this focus the light is rendered parallel* by a second lens I 2 . From 
Is it passes over a long path (in Fizeau’s case about 8633 meters) 
to a lens I 3 which again focuses it on the plane mirror il/ 2 . This 
mirror is adjusted to return the light over the same path through 
Lz and L« past the wheel IF to the mirror Mi. But the latter is only 
partially reflecting, being in fact a piece of plate glass, so that some 

light passes through Mi 
and through an eye lens I 4 
to the eye of the observer. 
As the wheel is rotated 
rapidly, a succession of 
spurts of light pass out 
through the teeth to the 
distant mirror and back to 
the observer, but these re¬ 
cur with such high frequency that the eye perceives only an average 
effect. If the wheel speed is sufficiently increased, the reflected 
light reaching the eye decreases about to zero and on doubling the 
speed of the wheel maximum illumination would again occur. The 
simplest interpretation of the minimum is that the light which passes 
out through any one gap returns from i¥ 2 just in time to be stopped 
by the next succeeding tooth, and this condition is expressed by the 
equation 

21 J_ 

nN 

where v is the velocity of light (in air), I is the distance from wheel 
to Mi, n is the number of teeth and (equal) gaps in the rim of the 
wheel, and N is the number of revolutions per second of the wheel. 

402. Foucault’s Method. By substituting for the toothed wheel 
of Fizeau a rotating mirror making 800 turns per second Foucault 
was able to measure the time required for light to travel over a dis¬ 
tance of only 4.12 meters, but because this distance was so short his 
measurement of the velocity was not very accurate. He was able to 
prove one very important fact, namely, by allowing the light to 
travel through a tube of water he demonstrated that the velocity..of. 
light is less in water than in air. This proof that light travels more 
slowly in matter than in free space was of particular interest because, 
as we shall see, it fitted well with the idea of the w^ave nature of light, 

* By a “parallel” beam is meant one which does not diverge or spread as it 
progresses. 
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Fig. 423. — Fizeau’s Apparatus 
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while the rival corpuscular theory required that the velocity should 
be greater in matter than in free space. 

403. Michelson’s Observations. Michelson introduced a number 
of important refinements in the Foucault method, and, as a result of 
his measurements, the velocity of light is now one of the most accu¬ 
rately known physical constants. The essential features of his 
apparatus are shown in Fig. 424. 

The light from an arc lamp A was focused by the lens L on the slit 
S through which it passed to one face of an octagonal mirror M h and 
thence through two total reflecting prisms Pi, P 2 , to a concave mirror 
Mi- This was 24 inches in diameter and of 30 feet focal length, the 


,\ 



Fig. 424. — Michelson’s Apparatus 
Note. P 2 and P 3 are not in line with Mz and M z . 


slit S being so placed that the light left Mi as a parallel beam directed 
toward the distant mirror Mz which was of the same size and curva¬ 
ture and which formed an image of the slit on the surface of a small 
concave mirror M 4 . Reflection at M 4 started the light back along its 
path, it was again rendered parallel by Mz , converged by Mi through 
the prism P 3 and after reflection from the opposite face of the octagon, 
brought to a focus at the cross wires of the eyepiece E. (The dis¬ 
tances S, Pi, Pi, P 2 , Mi and M 2 , P 3 , P 2 , E were each 30 feet.) Mi 
could be rotated at high speed around a vertical axis (perpendicular 
to the plane of the diagram). At low speeds there would be ob¬ 
served merely a succession of flashes as successive pairs of faces came 
into the proper position; but as the speed is increased Mi turns an 
appreciable amount while a flash is traveling from Pi to the distant 
mirror and back to P 2 , and the image will then appear displaced to 
one side of the cross wires. In the original Foucault method this 
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displacement was measured; in Michelson’s modification the speed 
of rotation was increased until the succeeding face moved into the 
place of F«, while the flash from Fi traveled to M 3 and back, and the 
slit image again appeared in the cross -wires. If a speed of N rota¬ 
tions per second is required to accomplish this, and if a is the angle 
between the faces and D the distance from F x to M iy then the equation 

2D 

v 

expresses the equality of the time of passage of the light from F x to 
Mi and back to F 2 and the time of rotation through the angle a, and 
from this 


Michelson used steel or glass rotating mirrors having from 8 to 16 
faces, and speeds of rotation from 264 to 528 turns per second, the 
time of rotation being determined by stroboscopic comparison with a 
tuning fork. The mean of his results, reduced to vacuum, is 

c = 2.99774 X 

404. Velocity of Light in Matter and in Free Space. The measure¬ 
ments of Foucault already referred to and the later ones of Michelson 
have shown directly that light travels more slowly in water and car¬ 
bon disulphide than in air, and indirect methods which we shall later 
discuss show that in general the velocity in matter is less than in a 
vacuum. By using these indirect methods it is possible to compute 
the velocity in vacuum from the measurements of Michelson and 
others of the velocity in air. The astronomical methods measure the 
velocity in free space, and a comparison of these with the terrestrial 
measurements, reduced to vacuum, has led to the generalization that 
the velocity of light in free space is a universal constant independent 
•of the source of the light. It is also the same for all colors of light, 
as may be inferred with a high degree of accuracy from observations 
of “eclipsing” variable stars. Such stars are double and show a 
periodic variation in brightness due to the passage of a dark com¬ 
panion between us and the brighter component. If different colors 
traveled with different velocities — for example, if red traveled more 
slowly than blue — the maximum of the red light from such a star 
would reach us later than the maximum of the blue light, but no such 
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effect is ever observed. The velocity of light is also independent of 
the intensity. We shall use the symbol c for the velocity of light in 
free space, and for most purposes we may use the approximate value 
3 x 10 10 cm./sec. 

RAYS AND WAVES 


405. Introduction. The straight lines along which light from a 
point source travels in a uniform medium are called rays. In free 
space or in any noncrystalline medium, such as air or water, light 
travels with the same velocity in all directions, and light which leaves 
the source at any given time but in various directions will at a later 
time be upon the surface of a sphere drawn with S as center and a 
radius r = ct, c being the velocity of light and t the elapsed time. 
As we have said, it is useful to consider light as a wave disturbance 
spreading from S, the “disturbance” consisting of periodically 
changing electric and magnetic forces. A rough analogy in two 
dimensions only is provided by the ripples which would spread over 
a smooth surface of water if a stick were moved up and down through 
the surface with a regular periodic motion. Such waves, as we have 
seen, are called transverse because the motion of the individual par¬ 
ticles of water is at right angles to the direction in which the wave is 
moving. For reasons which we shall discuss later light waves must 
also be considered as transverse, and by that we mean that the 


electric and magnetic forces which de¬ 
velop as the wave passes a point are 
perpendicular to the direction in which 
the wave is traveling. If we consider 
any point on a sphere (Fig. 425) around 
S } the electric and magnetic forces of the 
wave at this point must then be perpen¬ 
dicular to the radius, that is, tangent to 
the sphere. As the waves pass this 
point the electric force would vary from 
some maximum value' directed to the 
right to an equal maximum directed to 



T rails verse, Electromagnetic 
Vibrations 


the left, such right and left maxima corresponding to the maximum up¬ 
ward displacements (crests) and maximum downward displacements 
(troughs) of the ripples on water. The magnetic force of a light 
wave is at any point perpendicular both to the direction of propaga¬ 
tion and to the electric force at that point, and since the electric and 
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magnetic forces are always related in a definite way to each other, it 
will in general be sufficient to refer to the electric force. We shall 
always be interested in a succession of crests and troughs forming a 
train of waves, and we can represent the condition at any instant at 
successive points along a ray by drawing, at each point of a line repre¬ 
senting the ray, vectors perpendicular to the ray representing the 
electric force at these points. If the ends of these vectors lie on a 
sine curve (Fig. 426) the wave is said to be “simple periodic/' and 
the distance from one crest to the next is called the wave length, 

the usual symbol for which 
is X. Such a wave is par¬ 
ticularly important be¬ 
cause a wave of any more 
complicated form can al¬ 
ways be considered as 
made up of the superposi¬ 
tion of simple periodic waves of suitable wave lengths. The height of 
the wave crests, that is, the maximum value of the electric force pro¬ 
duced by the wave, is called the amplitude of the wave. As a wave 
train passes a point, the amplitude of the waves determines the violence 
of the disturbance, while the wave length determines the period of the 
disturbance, since the disturbance at any point passes through a •com¬ 
plete period while the wave train travels a distance of one wave length. 
If we use T as a symbol for the period, then evidently in free space 
T = X/c since T is the time taken to travel a distance X with the 
velocity c. The frequency of a light disturbance is the number of 
complete cycles or vibrations which it makes per second, the symbol 
for frequency being v. Evidently if T is the time occupied by one 
cycle, v = l/T. 

Thus there are five quantities to be considered in connection with 
a light wave: the amplitude, wave length, velocity, period, and fre¬ 
quency, but only three of these are independent because of the two 
equations just given. When light of a certain wave length (X meas¬ 
ured in free space) passes from space into matter, experiment shows, 
as we have pointed out in Sect. 402, that the velocity of propagation 
changes from c (in free space) to a different value, v . Further experi¬ 
ments, the nature of which will be discussed later, show that the 
wave length changes to another value, \ n , and that X/c = \ m /v = T; 
that is, the period of the light waves is the same at all points on their 
path, whether in space or in matter. Hence the simplest way of 
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Fig. 426. -—'Representation of a Light Wave 
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identifying a given kind of light is to specify its period or, as is more 
usual, its frequency v = l/T. It is also quite customary to use as 
identification the wave length of the light in free space or vacuo, and 
any reference we make to light of a certain wave length must be 
interpreted in this sense. 

406. Wave Front. Since the velocity is the same in all directions 
in free space or any isotropic medium, it follows that as a train of 
waves spreads out from a point source any given crest will always lie 
on the surface of a sphere having the source as center, the sphere 
increasing in size as the crest spreads. Similarly, the next following 
“trough” will always lie on a sphere whose radius at any instant is 
one-half a wave length, or X/2 less than that of the preceding crest. 
At all points of the same crest the wave is in the same state or phase of 
vibration, as it is called (see Sect. 125), so the previous statement can 
be generalized by saying that all points in the same phase lie on a 
sphere with the source as center. Such a locus of all points in a 
wave train having the same phase is called a wave front, and the form 
of the wave front is an important characteristic of wave trains. 
For a point source, as we have seen, the wave front is a sphere, and 
such waves are referred to as spherical waves. If the point source is 
at a very great distance and we are observing only a small area of the 
wave front, it may be considered as practically plane — a plane 
wave. From what has been said, it is clear that with spherical waves 
the rays are at every point normal to the wave front with which they 
are associated, and this is generally true for all forms of wave fronts 
except for light traveling in certain crystals. We can describe the 
progress of a wave train either in terms of its rays or of its wave 
fronts, the description in terms of rays being called geometrical 
optics, and that in terms of wave fronts physical optics. 

407. Secondary Waves. A very useful hypothesis as to how a 
wave train progresses was introduced by Huygens (1690) and we 
shall first apply this to waves in free space. 

If Wi is a wave front spreading out from a source S with velocity c 
(Fig. 427), then according to the Huygens hypothesis every point of 
this wave front is to be considered as the origin of secondary waves 
which in a homogeneous medium would spread out as spherical 
wavelets whose radius after t seconds would be cl A later position 
of the primary wave front, for example W 2 , will be tangent to all of 
these secondary waves, which overlap and combine to give the 
advancing primary wave. To be consistent one would have to argue 
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that these secondary waves would also combine to give a resultant 
wave moving backwards, something that is not observed in connection 
with an advancing wave train. Since it has been found possible to 
make more detailed assumptions concerning the secondary waves 
such that they will combine to produce the desired forward-moving 
wave but no backward wave, it will be sufficient for our purpose if 
we simply ignore the latter. The secondary waves would start from 
all points of a primary wave front in the same phase, and spread with 
the same velocity as the primary wave. Any position of the primary 
wave front can be taken as the origin of secondary waves, and any 



Fig. 427. — Propagation of Light 
by Means of Secondary Waves 



later position of the primary wave may be considered as their en¬ 
velope* if they are drawn with the proper radius, r = ct. So far 
this appears to be a rather useless analysis and recombination, with 
nothing gained thereby, but an extension of this way of looking at 
light propagation, due to Fresnel (1788-1827), leads to interesting 
results. Let us consider a plane wave advancing toward a point P 
(Fig. 428) and attempt to deduce the effect of this wave at P by com¬ 
bining the action of the secondary waves from all points of the wave 
front. Let the wave length (distance from “crest” to next “crest”) 
of the light be X and with P as center and radii r± = OP + X/2, 
n = OP + X, r 3 = OP + | X, etc., describe a series of spheres 
intersecting the wave front in circles having 0 as center. These 
circles divide the wave front into a series of zones, the first one a circle, 
the remaining ones rings, and evidently from the method of con- 

* The envelope of a group of surfaces (or curves) is a surface (or curve) which is 
tangent to all the members of the same group. 
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struction the average distance from P to successive zones will in¬ 
crease by X/2 in passing from one zone to the next. All the secondary 
waves from any one zone can be considered to produce a resultant 
vibration at P, and the amplitudes of the resultant from the several 
zones of each half of the wave front can be represented by m h m 2 , 
. . etc. From the discussion of the combination of vibrations 
(Sect. 126) it will be recalled that the resultant depends on the phase 
and the amplitude of the constituent vibrations. In the present 
case, since the secondary waves start in the same phase from all 
points of the wave front, their phase at P will depend simply upon the 
distance traveled to P, and since this distance increases by X/2 from 
zone to zone, it follows that the disturbance from zone 2 will be one- 
half a wave length behind that from zone 1, and so on. That is, 
a “trough” from zone 2 will arrive at P at the same instant as a 
“crest” from zone 1 and a crest from zone 3. Hence the “m 1 s” 
should be combined with alternately + and — signs (see Sect. 126) 
to give the total amplitude at P; that is: 

Amplitude at P = A = 2 (mi — m 2 + m 3 — m 4 + • * •) 

Now there are considerations which make it reasonable to suppose 
that the effect of the successive zones at P decreases gradually as the 
zones get farther from 0. That is to say 


But the expression for the resultant may be rewritten 


and, if the m J s decrease slowly the quantities in the parentheses are 
very small and alternately + and —, it may be shown that 

A = mi approximately 

That is, the effect of the plane wave at P is approximately equal to 
that of half the first zone, the remainder of the wave front annulling 
itself. 

408. Zone Plates. The previous reasoning would lead one to 
expect that if one could block out the alternate zones 1, 3, 5, . . . 
by opaque rings drawn to the proper size on a transparent plate, the 
resultant intensity at P would be greater because the effects of all 
the remaining zones would be in the same phase at P. Plates so 
constructed are called zone plates (Fig. 429) and they do produce an 
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increase in intensity as predicted. The fact that a zone plate does 
increase the intensity at P shows that the effect of a source at a 



Fig. 429. — Zone Plate 


point is not necessarily transmitted 
simply along the straight line from 
the source to the point; in other 
words, light will “bend around a 
corner” under certain conditions. 
Having considered the deduction from 
the wave hypothesis that a consider¬ 
able area of an advancing wave front 
may contribute to the illumination at 
a point, which conclusion is in accord¬ 
ance with zone-plate experiments, it 
remains to discuss how the same hy¬ 
pothesis can be made consistent with 


the approximate rectilinear propagation of light which is actually 
observed. 


409. Diffraction at the Edge of a Shadow. While light travels 
effectively in straight lines as far as its general progress is concerned, 
the edge of a shadow, which should be sharp according to the simple 
idea of straight-line propagation, exhibits certain small-scale phe¬ 
nomena called diffraction effects, which have been most important 
in the development of our knowledge of light. Such effects are 
produced when light passes a sharp opaque edge or through a fine 
hole in a thin opaque screen. If one looks at a point source such 
as a distant incandescent 

lamp through a small gap intensity 

between two fingers, dark ‘ 7 

fringes can be seen. These 


are diffraction fringes, whose 
detailed explanation we shall 


Straight- \ i 
edge Edge of 
Geometric 


discuss later (Sect. 453). 

Similar diffraction fringes 
can be shown on a screen by 


Shadow 

Wave front/ Screen 

Fig. 430. — Diffraction by a Straightedge 


casting upon it the shadow of a sharp-edged opaque obstacle by means 
of an intense point source such as the crater of an arc lamp. These 
bands or fringes were known in Newton’s time and were explained on 
the corpuscular hypothesis by assuming that some of the light corpus¬ 
cles were deflected out of their straight paths in passing the edge of 
the obstacle. Fresnel, in 1816, showed that they can be better under- 
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stood on the basis of the wave theory by computing the resultant 
effect at each point of the screen of the secondary waves from those 
parts of the primary wave front which are 
not stopped by the obstacle. The resultant 
intensity of light at points near the edge of 
the shadow is shown by the curve of Fig. 
430, and theory and experiment agree that 
the shorter the wave length of light used the 
narrower will be the fringes and the more 
rapidly will the intensity fall off inside the 
shadow. We conclude therefore that shad¬ 
ows are not really sharp but that they 
appear sharp on casual observation because, 
since light waves are so short, the blurred 
or fringed region is very narrow. Figure 
431 is from a photograph of diffraction 
fringes at the edge of a shadow. The scale 
of the figure is such that it represents the 
fringes, due to parallel light, as they would appear on a screen 
about 17 meters from the obstacle casting the shadow. 



Fig. 431. — Diffraction 
Fringes at the Edge of 
a Shadow 


REFLECTION 


M' 




410. Transmission, Diffuse and Regular Reflection. Whenever 
light strikes a boundary surface between two media, such as an air- 
water interface, an air-metal interface, or a 
glass-metal boundary such as that of a silver- 
backed glass mirror, some of the light will be 
turned back or reflected, the rest will be 
transmitted through the surface. If the re¬ 
flecting surface is rough, for example, like un¬ 
glazed paper, light striking any point will be 
reflected more or less in all directions, and 
this is called diffuse reflection. If the surface 
is polished, the reflection is regular or specular 
and the law governing the direction of reflec¬ 
tion is very simple and the same whatever the 

reflecting material. Consider first a plane reflecting surface inter¬ 
secting the paper in the line MM' and having PN as a normal (Fig. 
432). If S is a source and SP a ray from the source to the mirror, 


M 

Fig. 432. — Angle of Reflec¬ 
tion Equal to Anglo of 
Incidence 
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called an “incident ray/’ and PR the direction of this ray after 
reflection, called the “reflected ray/’ experiment shows that the 
reflected ray will lie in the plane containing SP and PN — i.e,, the 
plane of the paper, called the plane of incidence — and that the angle 
of reflection (r) is equal to the angle of incidence (z), that is, Zr = Zz. 

411. Image Point; Reflection at a Plane Surface. After regular 
reflection the rays from a point source will appear to come from an¬ 
other point, which is called the image of the source in the surface. 
The location of the image of a point £ in a plane mirror may be very 
easily found by applying the law of reflection just stated. Let the 
plane of the paper be the plane of incidence and MM' the intersection 
with it of the reflecting plane (Fig. 433). Let S be the source of 

light and SPR any ray from it incident 
& s at P and reflected to R , according to the 

R V N /\ law Zr = Zi; let SO be the normal to the 

Vv*^. / / reflecting surface through S and prolong 

V*Y / RP backwards to intersect it at S'. Then 

m' __ M triangles SOP and S'OP must be identical, 

X \ since they have two angles and the included 

\ side equal. Hence SO = OS' and all rays 

\ \| r/ from S will after reflection appear to come 

Y from S' which is on the normal through S 

Fig. 433. -Image Formation to the reflecting surface and as far back 

by a Plane Mirror of this surface as S is in front of it. Such 

an image point through which the rays da 

not actually pass is caiied'^vlrtuat; t .The' image S'T' of an object 

such as ST is found by locating, in the way just described, the 
images of as many object points as may be necessary to define it. 
Evidently the image of an object will appear reversed with respect 
to the reflecting plane, as, for example, trees appear upside down 
when reflected in the surface of a lake. So far we have been con¬ 
sidering reflection from the standpoint of rays, but the experimental 
laws of reflection can be deduced from a simple wave hypothesis 
with the addition of the hypothesis of secondary wavelets. 

Let MM' be a section of the plane reflector (Fig. 434), and S the 
source, in the plane of the paper. Circles with S as center and radii 
r h r 2 , etc. will represent successive positions of a primary wave front 
spreading from S. As the primary wave reaches the points 1, 2, 3, 
etc., secondary waves will start and spread to the right, and when the 
primary wave has reached 4 the secondary wave from 1 will have a 
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t. — Huygens' Construction, for Re¬ 
flection at a Plane Surface 


radius n — n, that from 2 a radius n — r 2 , etc., since they all travel 
with the same velocity as the primary wave. If MM' were absent 
the primary wave through 4 
•would be tangent to all these 
secondary waves spreading back 
of the mirror; hence by symmetry 
it is evident that the envelope of 
the reflected secondary waves, 
which is the reflected primary 
wave, must be a circle with the 
center at S' symmetrical to S with 
respect to MM'. Furthermore, 
the reflected ray at 4 must be the 
prolongation of the radius £'4 and 
this, again by symmetry, must 
make the same angle with the 

normal SS' as does the incident ray »S4. Hence the secondary wave 
hypothesis leads to the experimental law of equality of the angles of 
incidence and reflection, and to the correct location of the image. 
Because of its greater simplicity we shall use the ray method in 
further discussion of reflection. 

412 . Reflection at Curved Surfaces. Any elementary area on a 
curved reflecting surface is equivalent in the limit to an elementary 
area in the tangent plane to the surface at the given point — hence 
an incident ray will be reflected as if from the tangent plane; that is, 
the incident and reflected ray will make equal angles with the normal 
at the point of incidence. 

413 . Concave Spherical Mirror. Let us consider the reflection 
of rays from a point source S at a concave spherical surface. Fig¬ 
ure 435 shows a section of such a 
surface by a plane through S and 
the center of curvature of the sur¬ 
face C. The several reflected rays 
have been drawn by applying the 
law of reflection at each point of in¬ 
cidence, the radius to C being the 
normal in each case. From sym¬ 
metry it is evident that all planes through SC would contain identical 
sets of rays, and it is obvious that the entire bundle of rays from S 
does not pass through any single point after reflection. This charac- 



Fig. 435. — Image Formation by a Con¬ 
cave Spherical Reflector 
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teristie of a spherical reflector is called spherical aberration. But it 
is also evident that if we consider only a small portion of the mirror 
around P, the reflected rays from this portion do pass very nearly 
through a point on the axis SP. Such a reflecting surface is usually 
taken circular in shape, and its diameter 2 a is called the aperture of 
the mirror. In order to have a fairly good point image of & it is 
evidently necessary that the aperture of the mirror should be smal l 
compared to the radius of curvature CP, and it is important to de¬ 
termine the general law which will enable us to locate the position of 
the image. This can best be done in two steps. 

414. Principal Focus. Consider first a ray which is parallel to 
the axis CP and incident at Q (Fig. 436). Applying the law of 

Further, if Q is not too far from 
the axis, that is, if the aperture 
is not too large, we can say that 
approximately FP = FQ, and 
hence to this degree of approxi¬ 
mation FT = R/2. Since Q is 
any point not too far from P, 
we conclude that all rays inci¬ 
dent parallel to CP will pass 
approximately through F, which 
is called the principal focus of the mirror. If the bundle of incident 
rays were parallel to a different axis, say CP', it follows that they 
would be focused at F', halfway between C and P'. Since the laws 
of reflection are reversible, a bundle of rays starting from F will 
leave the mirror after reflection as a parallel beam. 

416. Location of the Image. Since we concluded from a consid¬ 
eration of Fig. 435 that a spherical mirror will produce an approxi¬ 
mate point image of a point 
source, such as 0 (Fig. 437), 
it will be sufficient, in order 
to locate such an image, to 
find the intersection after 
reflection of any two rays 
from 0, provided in so doing 

we limit ourselves to the Fig - 437 - - Ima 6e Formed by a Coneave Mirror 

use of a small aperture. For this purpose the rays OCQ which will 
be reflected back on itself, and OP which will be reflected so that 
Zr ~ z *> wiU be convenient. These rays after reflection intersect 



reflection it is seen that CF — FQ. 



Fig. 436. — Principal Focus of ; 
Concave Mirror 
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„t O' and if ON, the object, is perpendicular to CP, its image O'N' 
will also be perpendicular to CP. The triangles ONP and O'N'P 
MU evidently be similar: therefore 

u 0N_ /■]\ 

v "O'N' 

where u and v are respectively the distances of the object and image 
from the reflecting surface. Also the triangles CNO and CN'O' are 
similar, so that 

" ' CN ON 

CN' ~ O'N' 


Equating the left sides of these equations and substituting: 

u — R _ u 
R — v ~ v 

or uv — vR - uR — uv 

uR + vR = 2 uv 


and dividing both sides by uvR, 


/M-i '\ 

^ v R 


This is the mirror formula which will apply to all cases if we are 
consistent in interpreting positive and negative values. It is usual to 
consider values of u, v, and R measured toward the source of the 
light as negative , and distances measured in the direction of the 
propagation of the incident light as positive. Thus in the above case 
if u is —10 and R is — 5, v is found to be — 3-|. If ON is moved to the 
left to oo, 1 /u = 0 and v = R/2; i.e., ON will lie in the principal focal 
plane .through F, which is in agreement with our previous conclusion 
since each point of ON will now send a parallel beam to the mirror. 
If u — R, then v = R; that is, object and image will be at the same 
distance from the mirror. If u < /i/2, v will be positive; that is, 
the image will be virtual , behind the mirror, and erect, as can be 
shown by constructing a diagram. 

Equation (1) may be written: 


f Size of object u __ distance of object from mirror 
\ Size of image v ~ distance of image from mirror 


In this ratio it is the magnitudes of u and v which enter, independent 
of sign. 
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416. Convex Mirror. The same formula -null apply to the case 
of a convex mirror, but the radius R must be taken as positive in 

accordance with the conven¬ 
tion previously stated. The 
principal focus will be half¬ 
way between the face of the 
mirror and the center of 


o. 


Is V 

jv" 


P N' 

r~" r-- 

C 

! 


\ 


I 



R -> 


Fig. 43S. — Image Formed by a Convex Mirror vd'i'Uie, <*>£> Dei Ore, and the 

same rays will be found most 
convenient for construction. The image will be virtual, erect, and 
smaller than the object, for all positions of a real object. Figure 
438 illustrates a particular case. 

417. Parabolic Mirrors. At the beginning of the discussion of 
spherical mirrors we emphasized the fact that their image-forming 
properties are only approxi¬ 
mate, being better the smaller 
the aperture of the mirror. 

The effect of a spherical mir¬ 
ror of large aperture on a set 
of parallel rays is illustrated 
in Fig. 439, which was con¬ 
structed as before by apply¬ 
ing the law of reflection to 
each incident ray. It is evi¬ 
dent that the reflected rays 
will be tangent to a curve, I '“" 
called a caustic, and that only 

those rays near the axis OP will pass through F. If instead of a 

spherical we use a parabolic sur¬ 
face, that is, one formed by rotat¬ 
ing a parabola about its axis as 
shown in Fig. 440, the properties 
of the parabola are such that all 
rays parallel to the axis will be 
reflected accurately through the 
focus F. Conversely, light radi- 

Fig. 440. — Image Formed by a Parabolic ^bng from. F will be reflected as 
Mirror a plane wave — i.e., the reflected 

rays will all be parallel. Para¬ 
bolic mirrors are commonly used in both these ways — for forming 






REFRACTION of plane wave at PLANE SURFACE 465 



sharp images of distant objects, as in astronomical reflecting tele¬ 
scopes, and for reflecting intense beams, as in locomotive headlights 
and in searchlights (Fig. 441). 

In the latter case an arc light, or 
similar source, would be placed 
at F, but since the light would 
come from a surface of some area 
(the end of the positive carbon) 
the beam after reflection would 
consist of diverging sets of par¬ 
allel rays, and not a single par¬ 
allel beam as would be the case 
if the source were a point at F , 


REFRACTION 

418. Examples. It is a matter 
of common observation that a 
stick which projects obliquely 
through the surface from air into 
water appears to be bent sharply 
where it enters the water, that an 

object so placed on the bottom of a vessel as to be hidden by the sides 
when the vessel is empty (Fig. 442) may be visible when the vessel is 

filled with water, and that goldfish ap¬ 
pear enlarged and distorted when 
viewed through the curved sides of the 
bowl. These are examples of what is 
called the refraction of light when it 
passes from one medium to' another, 
and in the succeeding sections we shall 
consider a number of cases and connect 
all of them with the simple fundamental 
laws of refraction. 

419. Refraction of a Plane Wave at a 
Plane Surface. This is the simplest 
case of refraction, and what happens is 
illustrated diagrammatically in Fig. 443. In the latter figure the plane 


Fig. 441. — Large Searchlight (Sperry) 
Using Electric Arc and Parabolic Mir¬ 
ror 60 Inches in Diameter. It gives a 
beam of light rated at 800 million beam 
candle power. 



Fig. 442. — Refraction of Light in 
Passing from Water to Air 


surface of the glass is perpendicular to the plane of the paper, which it 
intersects in S. AB is the intersection of an advancing plane wave 
with the plane of the diagram, OP is a normal to the wave front, and 



466 


LIGHT 


therefore as we have seen, a ray , which reaches the surface S at P. iV 
is the normal to the glass surface at P, and the direction of the in¬ 
cident ray can be fixed by the angle 
of incidence, i, which it makes with 
N. The plane containing the inci¬ 
dent wave-normal and the normal to 
the surface is called the plane of inci- 
s dence. At the boundary surface the 
light will be divided, part of the 
energy being reflected according to 
the law (Zr — Zi) already discussed, 
and the remainder entering the second 

Fra. 443 .-Reflection and Refraction medium. Under the circumstances it 
at a Plane Air-Glass Boundary will be found that the refracted ray 

will lie in the plane of incidence but 
will be bent toward the normal N. If we call the angle between the 
refracted ray and the normal r\ there is a simple relation between 
i and r', discovered by the Dutch physicist Snell about 1620, 
namely ^ 



7 , = a constant independent of i 


This constant is called the index of refraction and we shall denote it 
by n. Its numerical value depends on the characteristics of both 
the upper and lower media (Fig. 

443) and upon the wave length of \* j l [ 

the light If a certain wave Vac uum\| Air\l wateXj 

length of light is incident on a Glass \ Glass G ^ ass \ 

given glass first in a vacuum, JA IA |A 

second in air, and third in water ^ 1 ' 1 ' 1 ' 

(Fig. 444), the ratio of sim/smr' Characteristics of Both Media 

would have a different constant 


value for the three cases. The index of refraction (i.e., the constant 
value of the ratio sin if sin r') which is found for any two media is 
called the relative index of these media (being careful to specify which 
is the first medium), while the index which applies when the first 
medium is a vacuum is called the absolute index of the second medium. 
But since for solids and liquids the absolute index and the relative 
index with respect to air differ very slightly, it will usually not be 
necessary to distinguish between them. 
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420. Dispersion. By measuring the angle of incidence i (in air) 
and the corresponding angle of refraction r , one can determine a 
value of the index of refraction for the medium into which the light 
is refracted, and, as stated above, this 
will vary with the wave length of the 1JQ 
light used. The variation of n with 
the wave length of light is called the l«b 
optical dispersion of a substance, and L6Q 
by measuring a series of values of n 
for a series of known wave lengths one j 1.55 
can draw the dispersion curve for the J ^ 
substance in question. This is done 
by using the various wave lengths 1 1 . 45 1- 
as abscissas and the corresponding 14Q 
values of n as ordinates to determine 
points through which a curve is 1.35 
drawn, as in Fig. 445 which shows 
dispersion curves of several common 
materials. The dispersion curves of FlG 
all transparent materials are of the 
same general form, with the larger values of n associated with 
the shorter wave lengths, but they differ markedly as regards the 
total change in n through the range of the visible spectrum. Sub¬ 
stances showing a large change in n through this range are said to 
have a “high dispersion,” and usually have a high index as well. 
There is no general relationship between the dispersion curves of 
different substances. Other more accurate methods of determining 
n will be discussed later. 

421. Refraction According to the Wave Theory. If light is to be 
considered as a wave disturbance passed on from one medium to 
another, it seems quite axiomatic that the period of the wave must 
be the same in both media; otherwise the disturbance in the first 
medium at the boundary would periodically get out of phase (see 
Sect. 125) with respect to the disturbance in the second medium at 
the boundary, and this would produce fluctuations, which are not 
observed. But the measurements of Foucault and Michelson, 
already referred to, show that light travels more slowly in media such 
as water and carbon disulphide than in air, and hence, since a, wave 
length is the distance traveled by light in one period, the wave 
length of a given kind of light must be less in water than in air. 


."Flint Glass 


An ,6m .6m .7, ,8m 

Wave Length 

445. — Dispersion Curves 
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With this as the experimental basis, and again using the hypothesis 
of secondary waves, we can fit the wave theory to the observed 

law of refraction quite simply, as 
follows: 

Let S (Fig. 446) again represent 
the intersection of the boundary 
surface with the plane of the dia¬ 
gram, and AB the trace of a plane 
wave at the instant when a sec¬ 
ondary wave is starting out from 
A in the second medium. As the 
incident wave moves on, secondary 
■waves will be started from succes¬ 
sive points of the surface to the right of A; and when the point B of 
the primary wave has reached E, all of these secondary waves will 
have spread into the second medium; and according to the principle 
previously applied in discussing reflection, the envelope of all these 
secondary waves will be the refracted wave, which can be shown to 
be plane by more detailed consideration. Evidently the time taken 
for the primary wave to go from B to E must equal the time for the 
secondary wave to travel from A to A'; that is, if v± and v 2 are the 
velocities of propagation in the two media we must have 


Fig. 446.- 


- Huygens’ Construction for 
Refraction 


BE AA r BE 
vi : or AA f 

But from the geometry of the figure 

BE _ A E sin i sin i Vi 

AA'~AEsmr or sinr' 


By comparison with the previous definition w T e conclude that: 


The index of refraction is the ratio of the velocities in the two media 



.... " 

A medium in which the velocity of light is less than in another is 
conveniently spoken of as “optically denser” than the second. A 
high optical density means a large index of refraction. Obviously 
with normal incidence all the secondary waves between A and E 
will start at the same time, and the refracted wave will be parallel 
to the surface. 
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TABLE XXVI 
Indices of Refraction 

All values are for light of wave length X = 5893 A. 


Substance Index of 

Solids Refraction 

Canada balsam. 1.530 

Calcite (ordinary ray). 1.658 

(extraordinary ray). 1.486 

Diamond. 2.4173 

Garnet. 1-74 

Opal. 1.448 

Glass, ordinary crown. 1.517 

light barium flint. 1.574 

dense flint. 1.655 

Quartz, fused. 1.45843 

crystalline (ordinary ray). 1.54424 

(extraordinary ray).... 1.55335 

Rock salt. 1.5433 

Liquids Temperature Index 

Carbon bisulphide. 15° C. 1.6294 

20° C. 1.6255 

30° C. 1.6174 

40° C. 1.6091 

Carbon tetrachloride. 20° C. 1.460 

Ethyl alcohol. 20° C. 1.361 

Water. 20° C. 1.33299 

Gases and Vapors at 0° C. and 760 mm. of Mercury Pressure 

Air. 1.000293 

Carbon dioxide. 1.000450 

Ethyl ether. 1.00152 


The diagram of Fig. 446 is a section by the plane of incidence of 
the real three dimensional case. To picture the latter we have only 
to think of the secondary waves as hemispheres instead of semicircles 
and then to imagine the diagram to be shifted step by step along a 
normal to the paper. From this it follows that a plane w r ave will 
still be plane after refraction at one or any number of plane surfaces. 
One can draw a correct qualitative conclusion as to what refraction 
will occur in a given case, without going through the details of con¬ 
structing secondary waves, by considering that when a plane wave 
enters obliquely into an optically denser medium that part of the 
wave front which first meets the surface will be first retarded, and 
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thus the wave front will bo turned more nearly parallel with the 
boundary. If it is entering an optically rarer medium , the part which 

first strikes the boundary 
will be first accelerated 
and hence the wave front 
turned in the opposite 
sense. These two cases 
are illustrated in Fig. 447 
(a) and (b). 

422. Mirage. On still 
sunny days it sometimes 
happens that there is a 
layer of hot expanded air 
in contact with the heated ground. Being rarer, the hot air has a 
smaller index of refraction than the cold air above it, and light en¬ 
tering obliquely from a distant object will have its wave fronts turned 
so that they move obliquely 
upward (Fig. 448) and ap¬ 
pear to come from the in¬ 
verted object below the 
ground. The effect is thus Fig. 448. — Mirage Effects 

exactly as if the distant ob¬ 
jects were reflected in the quiet surface of a lake. Mirages on a small 
scale are very frequently observed over concrete highways on still hot 
days, the appearance being that of reflection from a smooth puddle of 

^ water in the road ahead. 
/' X Another type of mirage is 
(Warm Air), sometimes observed when 

warm air lies above a cool 




Fig. 449. — Mirage Effects 


layer, as illustrated in Fig. 
449. The change of index 
with temperature (density) 


is easily observed in case the heated air is turbulent (as for example 
the hot air r ising from a gas stove or a radiator), since it produces a 
wavering or boiling” of objects seen through it. Another example 
of refraction of light by the earth’s atmosphere is the flattening of the 
sun at sunset. Figure 450 is a photograph which shows the effect 


plainly. 

423. Total Reflection. Consider light incident in an optically 


dense medium at the boundary of a rarer medium — for example, in 
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water at a water-air surface. As the angle of incidence i is increased 
the an gl e of refraction r' will increase, and since in this case n sin i - 
gijl r > ( n = index of refraction of water) and the maximum value 
which r' can have is 90° for which sin r' = 1 (beyond this there ob¬ 
viously could be no refraction into the second medium), it would 
appear that the maximum value of i permitted by the law of refrac¬ 
tion is given by sin i = l/n (Fig. 451). What will happen if i is 
increased still further? The simple law of refraction will not tell us, 
but experimentally we find that the light will be completely or 



Fig. 450. — Flattening of 
the Sun at Sunset 



Fig. 451. — Total Reflection 


totally reflected, the angle of reflection r being equal to i. The limit¬ 
ing angle of incidence beyond which reflection becomes total, i.e., 
t hat for wh ich sin i c = l/n, is called the critical angle. 

Total reflection can take place only when the light is incident in 
the optically denser medium, and the sudden appearance of the 
totally reflected beam enables one to determine very accurately the 
value of the critical angle, i Cj and from this the value of the index 
of refraction. 

Total reflection may be observed by looking upward through the 
sides of a beaker containing water at the under side of the water-air 
boundary, which will appear like a polished mirror reflecting objects 
in the other side of the beaker. Since n for a given material varies 
with the wave length used, the critical angle must also vary with the 
wave length, and evidently the critical angle will be less for optically 
dense media. From the values of n in Table XXVI and the relation 
sin i c = l/n one can readily compute that the critical angle for sodium 
light is 48° 35' for water and 50° for light crown glass. 

Total reflection is usefully employed in various optical instruments; 
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for example, a beam of light can be turned through 90° by a 90° total 
reflecting prism having three polished faces, shown in section in 
Fig. 452 (a). The Lummer-Brodhun prism (Sect. 397 and Fig. 420) 

makes use of total reflection for one 
beam in bringing together the light 
from the opposite faces of the 
photometer screen. The 90° total 
reflecting prism is also used in 
periscopes and range-finders (see 
Fig. 475). It may be so used that 
two total reflections occur, thus 
reversing the direction of the light 
beam. It is used in this way in 
the prism binocular (Fig. 483), two 
such prisms giving the instrument 
an effective length practically three times its actual length. Another 
device employing total reflection is the inverting prism, Fig. 452 (b), 
■which is sometimes used with projection lanterns to give an upright 
image on the screen. 

424. Refraction by a Plane Parallel Plate. By applying the law 
of refraction at both faces of a plate bounded by parallel planes, 
shown in Fig. 453, it is readily seen that 
a ray will emerge from the second face 
parallel to its original direction, but will 
be laterally displaced. 

425. Refraction by a Prism. If the two 
planes bounding the transparent material 
are not parallel they form a prism; the 
line in which the two planes intersect, or 
would intersect if extended, is called the refracting edge of the prism. 
The remaining surfaces of the prism are also usually planes, two 
being perpendicular to the refracting edge, called the bases of the 
prism, and one which is usually perpendicular to the bases and also 
perpendicular to the plane which bisects the angle of the prism at the 
edge. Only the first two planes, the faces , need be polished. Ever 
since Newton’s first experiments prisms have played a great part in 
the study of optics, because with them we can separate the different 
wave lengths of light. How this is accomplished will now be.consid¬ 
ered. Figure 454 represents a section of a prism by a plane perpen¬ 
dicular to the edge through E. EF and EG are the intersections of 



Fig. 453. — Refraction by a 
Plane Parallel Plate 



Fig. 452. — Total Reflection Prisms 
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this plane with the faces, OiPi an incident ray of a particular wave 
length in this plane, PiP 2 and P 2 0 2 the same ray after refraction at 
the first and second faces, 
and N h N% the normals to the 
faces at the points where this 
ray intersects them. The ray 
is said to be deviated by the 
prism, and by prolonging the 
incident and final directions 
of the rays until they inter¬ 
sect at H we can form the 





Fig. 454. — Refraction by a Prism 


angle D, called the angle of deviation of this particular ray. One might 
at first sight think that the deviation produced would depend on 
where the ray strikes the prism face, but this cannot be true, for if 
we move the ray and Pi along the face keeping i x constant, the angles 
ri, r 2 ' } and i 2 will not change and therefore the deviation cannot 
change. The deviation can then depend only upon the angle of in¬ 
cidence ii, the prism angle A, and upon the way the prism refracts 
the light, that is upon its index of refraction for this particular wave 
length. From the geometry of the figure, in particular the triangles 
P 1 P 2 P and P 1 P 2 /, it follows that 


D = 


•ii — A 


If light of another wave length is incident at the same angle i h it will 
be refracted at a different angle r X) since in general sin i x = n sin r x 
and n varies from one wave length to another — hence D will be 
different. Hence various wave lengths incident at the same angle' 
will proceed, after passing through the prism, in different directions 
and thus a prism can be used to analyze light into its constituent 
wave lengths, though it does not enable us to measure them. If the 
prism has a higher refractive index than air, the deviation is always 
toward the thicker part of the prism. 

It is found experimentally that if one increases i x continuously from 
zero there is one angle of incidence for which the deviation is a 
minimum (D w ), and it can be shown without much difficulty that this 
minimum must occur when i x = i%. But if i x — i 2 , it follows from the 
law of refraction that r x = r 2 and hence that the ray in the position 
of minimum deviation passes through the prism perpendicular to 
the bisector of the angle A. Under these conditions we have, as 
shown in Fig. 455, A = 2r f and D m = 2 (i — A/2). Substituting 
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from, these equations in the refraction equation n sin: sin i, gives 

sin i (A + D m ) 
n =- 


where n is the index of refraction of the material of the prism for 



mum Deviation 


the wave length used. The 
measurement of D m and A 
gives an accurate method of 
determining n. 

426. The Rainbow. This 
phenomenon depends upon 
the dispersion and reflection 
of light in minute spherical 
drops of water in the atmos¬ 
phere, as they exist during a 
rain, or in mist, or in the 


spray from a waterfall. It will be re¬ 
called that* such droplets assume a 
spherical shape due to surface tension. 
The origin of the brightest or primary 
bow can be explained by reference to 
Fig. 456, of which (a) shows a much en¬ 
larged section of a water drop by a plane 



through the center of the drop and par- 0 (a) 


allel to the sun’s rays. Several mono¬ 
chromatic rays from the sun (of course 
parallel to each other) are shown strik¬ 
ing the drop at P h P 2 , Pz, and these 
have been traced in their passage through 
the drop by applying the law of refrac¬ 
tion at the points of entrance and exit 
and the law of reflection where they 
strike the rear surface. By carrying out 
this process for a number of incident 
rays it can be shown that there is one 
ray which is deviated by a minimum 
amount — this ray being shown in the 
figure as a solid line passing through P 2 . 
But if the deviation of this particular ray 



(c) 


Fig. 456. - - Rainbow 


is a minimum, the deviation will be very nearly the same for rays 
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entering the drop very near P 2 , while for more distant rays such as 
those through Pi and P 3 the deviation will be quite different. Hence 
an observer looking at this drop in the direction OR will receive a 
maximum amount of light of this particular wave length. But 
because of the dispersion of water, the minimum angle of deviation 
will vary with the wave length of light, and in order to receive the 
maximum light an observer must look in a particular direction for 
each wave length. Since the drops are very small and close together 
a large number of them will send red light in the general direction RO, 
Fig. 456 ( b ), and other drops will send the violet wave lengths in the 
direction VO, while between these limits an impure spectrum will be 
seen. Since all that has been said applies equally to any plane 
through the observer and the sun, the spectrum will appear as a 
circular arc or bow, whose center is on the line connecting the observer 
to the sun — the red being on the outer margin. 

The secondary bow is produced by two refractions and two internal 
reflections, as shown in Fig. 456 (c). In this case the minimum devi¬ 
ation for the red is greater than for the violet, but in both cases less 
than for the primary bow — hence the order of the colors is reversed 
and the secondary bow is outside the primary. 

427. Refraction of Spherical Wave at Plane Surface. When a 
spherical wave passes from one medium to another through a plane 
surface, the form of the wave is changed, and it will be in general no 
longer spherical. • A special case of some interest is that of the waves 
from a point source 0 (Fig. 457) emerging into air. A given wave 
front will reach the surface first at P on 
the normal through 0, and since the 
secondary waves will travel about f as 
fast in air as in water (see Table XXVI) 
the part of the wave through P will get 
ahead of the remainder. 

When the primary wave has reached 
Q, the secondary wave from P will have 
reached P' where PP' = § (QQ — OP), 
while the secondary wave from R will have Pig. 457 

spread to a radius RR’ = f (OQ — OR). 

By drawing a number of secondary waves uwthis way from points 
between Q and T the envelope, which is the emerged primary wave, 
will be found to be no longer spherical. An eye looking vertically 
down at 0 would see it apparently at O', while to an eye near T it 
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would appear to be still nearer at 0". The same conclusion can be 
reached by drawing from 0 a number of rays, constructing the re¬ 
fracted rays by using the law of refraction sin i = f sin r' and pro¬ 
longing the refracted rays backward. These rays will all be tangent 
to a curve called a caustic having a cusp at O'. 

428. Refraction at a Spherical Surface. Similar effects of change 
of curvature of a wave front, but more marked, can be produced by 
lenses, which are pieces of transparent material such as glass or 


Double- Plano- Convex Double- Plano- Concave 

convex convex meniscus concave concave meniscus 

Fig. 458. — Types of Lenses 

quartz, bounded by two curved surfaces or a plane and a curved 
surface. Usually the curved surfaces are spherical. There are six 
possible arrangements, shown in section in Fig. 458 (names under 
figure). It will be noticed that the first three are thicker in the middle 
than at the edge, while the converse is true of the last three. If 
these lenses are made of optically dense material, as is usual, the 
velocity of light in the lens is less than in air, and it is evident that all 
thin-edged lenses will retard light passing through the center more 

than light passing near the edge. 
Hence a plane wave will have its 
middle held back, Fig. 459 (a), 
and after passage through the lens 
will converge to what is called the 
principal focus, F. Conversely, 
Fig. 459 ( b ), a thick-edged lens 
will render a plane wave divergent, 
appearing to come from a virtual 
principal focus F. These two 

a'av*. tun.—■ v/vi«ajuLg,o ui nave jl'-ujiiu vy u, ^ _ 

Converging and by a Diverging Lens Classes 01 ICIISGS are therefore 

called convergent and divergent 
respectively. i plane wave must effectively come 

; distant point source, we can say that a convergent lens 
prod uces a real image of a distant point source, a divergent lens a virtual 
image of the same source, A consideration of the different retarding 
action of the center and edge of a lens upon an incident wave is the 
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simplest way of deciding qualitatively what the effect of a given lens 
will be. In order to develop a general formula by means of which 
we can compute the position and size of the image of a given object 
formed by any single lens, we shall apply the laws of refraction to 
determine how rays are 


bent as they pass through 
a lens. 

429. The Lens Formula. 
Consider first a double- 
convex lens (Fig. 460), the 
centers of curvature of the 
two faces being at Oi and 



Fig. 460. — Derivation of Lens Formula 


02 , the straight line connecting O x and 0 2 being called the principal 
axis of the lens. Let the index of refraction of the lens ma terial be n, 
and let SQi be a ray from a point source S, striking the first surface 
of the lens at Q h refracted to Q 2 , and there refracted through S'. 
From the law of refraction 


sin ii = n sin n' n sin i 2 = sin r 2 ' 
or approximately, for small angles 

ii = nr i' ni 2 = r 2 ' ( 1 ) 

But from the triangle SOiQ h i x being an external angle, 

i = a + t=2/g + £) (2) 

and similarly from 


(3) 


and from the triangle QiwQn 

n' + ii = d + 6 = ■ + 

From (1) 

ii + r 2 ' = »(r/ + i 2 ) 
Substituting from (2), (3), and (4) 


(5) 

But if we limit ourselves to thin lenses, i.e., those for which the dis¬ 
tance between surfaces is small compared to Ri and Rz, y will approxi¬ 
mately equal y'; hence dividing through by y and rearranging 


( 6 ) 



478 


LIGHT 


This formula will be more generally useful if we adopt the convention 
that Uj v, Ri, and R« are to be given a positive or negative sign accord¬ 
ing as. they extend from the lens in the direction of propagation of 
the light or opposite to this. In the case being considered u and R 2 
would be negative and v and Ri positive ; hence to adapt the ex¬ 
pression (6) to this convention we must write it 


(7) 

In the deduction of this formula we have made two approximations: 
the first, the substitution of the angle for the sine of the angle, is 
more nearly justified the smaller the angles, that is, for rays whose y 
is small compared to u and v; the second demands a thin lens (the 



thickness is exaggerated in the diagram for the sake of clearness). 
Therefore we cannot expect that all the rays from S will after re¬ 
fraction pass through S', but only those having a small value of y. 
A precise construction for rays at successively larger angles a shows 
that after refraction they will be tangent to a caustic curve having a 
cusp at S' (Fig. 461), and if this diagram is imagined rotated around 
CiC 2 it will give us a picture of the action of the lens on the entire 
bundle of rays from S. It is evident that rays striking the lens on a 
circle concentric with the axis will be “focused” at a point on the 
axis between S' and the lens, the .focus for the outermost rays being 
nearest the lens. This characteristic of a lens is called spherical 
aberration. 

430. Principal Focus. If the source, in the above example, is at 
infinity or, practically, very distant, 1 fu is zero or negligible and in 
this case the image-point is called the principal focus (F) whose dis¬ 
tance from the lens is denoted by/, called the focal length. Therefore 


Gi a,) (n “ 1} 



( 8 ) 
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and (7) becomes 

As the point source approaches the lens, from infinity, the corre¬ 
sponding or conjugate focus S' moves away from the lens, and when 
u = — 2/, v =+ 2 f; that is, the source and image are equidistant 
from the lens on opposite sides. When u = -/, v = +oo; when 
u < -f,v is also negative and greater than u, the image being virtual 
and on the same side of the lens as the object, 

431 . Image of an Object. The conclusions just drawn from a 
consideration of the lens formula lead to a simple method for con¬ 
structing the image of an 
object such as the arrow in 
Fig. 462. For if we draw 
from 0, a point of the ob¬ 
ject, a ray through F h it is 
evident from what has just 
been said that it will, after 
refraction, be parallel to 
the principal axis, and similarly a ray OQ initially parallel to the axis 
will after refraction pass through F 2 and will intersect the first ray at 
0' which will be the image of 0. In this way we can locate as many 
points as are necessary to determine the image. 

432 . Size of Image.. By comparison of the similar triangles P'0'F 2 
and QTF 2) it is seen that: 

Size of image _ v — f __ v _ 

Size of object ~ f ~ f 

= v(“ — "-)—l [from equation (9)] 

v 

u 

The sign of this ratio is of no significance. In all cases the sizes are 
to each other directly as the distances from the lens. This relation 
suggests that a ray from 0 should pass without deviation through 
C to O', since the triangles OPC and O'P'C must also be similar if 
OP/O'P' = — u/v , and this is indeed true, to the same degree as the 
lens formula is true. C is called the optical center of the lens'. If 
the lens is not symmetric, i.e., does not have the same curvature on 
both sides, C will not be exactly at the geometric center of the lens. 


( 

—a 

L p' 



f 
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Fig. 462. — Image Formation with a Converging 
Lens 


1 _ 1 _ 1 
f~v u 


(9) 
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433. Other Forms of Convergent Lenses. The above conclusions 
as to position and size of image hold also for plano-convex and convex 
meniscus lenses; in the former case either Ri or R 2 is equal to oo, 
while in the latter case Ri and R 2 have the same sign. For all three 
forms 1/jRi - l/R* will be positive. It should also be evident that 
it makes no difference on which side of the lens the light is incident, 
for a reversal of the lens means the interchange of R x and R 2 with a 
reversal of signs, leaving the equation (7) unchanged. 

434. Diverging Lenses. Equation (7) is equally applicable to 
diverging lenses, if proper account is taken of the signs of Ri and R 2 . 
For all three forms of diverging lenses a little consideration will 

show that 1/Ri — l/R 2 will 
be negative; therefore / is 
negative and this must be 
remembered in applying 
equation (9). 

Such lenses will cause an 
incident parallel beam to 
diverge as if coming from a 
virtual principal focus at a 
Fig. 463. — Principal Focus of a Diverging Lens distance / On the negative 

side of the lens (Fig. 463), 
and as the source is moved in from negative oo the virtual image will 
move from / toward the lens. 

The position and size of the image of an object can be found by the 
same method as with a converging lens, as illustrated in Fig. 464. 
There are three rays from a point source whose course can be fol¬ 
lowed most conveniently, 
the intersection after re¬ 
fraction of any two of 
which will serve to locate 
the image of the source. 

These are, as before, (1) a 
ray initially parallel to the 
axis, w T hich after refraction 
will appear to come from Fig. 464. —Image Formed by Diverging Lens 
the near principal focus Fi, 

(2) a ray initially directed toward F 2 , which will proceed parallel to 
the axis after refraction, and (3) a ray through the optical center , 
which will pass on undeviated. The optical center of a thin diverging 
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lens is approximately at the geometric center. From the geometry 
of Fig. 464, it follows directly that: 

Size of image v 
Size of object u 

435. Errors in Image Formation by Lenses. A. Spherical Aber¬ 
ration. We have already referred to and illustrated (Fig. 461) the 
fact that with a real point source and a converging lens, the rays 
through the periphery of the 
lens are not brought to the same 
focus as those through the cen¬ 
tral zone of the lens. The rays 
through a peripheral area do not 

pass through a point focus at all, PlG _ 465 _ Spherioal Aberration 
but instead have the peculiar 

characteristic that any small peripheral bundle of rays passes through 
two line foci (Fig. 465). Such a bundle of rays is called astigmatic, 
and the wave front belonging to these rays, which is obviously not 
spherical, is an astigmatic wave. To generate the used area of the 
lens, the bundle of rays which fills it, and the 1st astigmatic focus, 
imagine the diagram rotated a few degrees around the axis of the lens. 

B. Chromatic Aberration. Since the action of a lens is determined 
by the expression (l/i?i — l/Rf) (n — 1) = 1//, and since as we have 
pointed out, n varies from wave length to wave length, being for most 
substances greater for the shorter wave lengths, it is evident that if 




Fig. 40G. — Chromatic Aberration 

different wave lengths (i.e., different colors) start from the same point 
source they will not be brought to the same focus, but instead the 
shorter waves (larger values of n) will be brought to a focus nearer the 
lens than the longer waves (Fig. 466). If we are forming the image 
of a white source and place a screen at the focus for red light, the 
sharp red image will be surrounded by the yellow, green, and violet, 
in fact all the shorter wave lengths which have already passed through 
their foci. If the screen is placed at the violet focus this will be sur- 
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rounded by the green, yellow, red, etc., which have not yet reached 
their foci. Thus with a simple lens we cannot get a sharp white 
image of a white source. This error of lenses is called chromatic aber¬ 
ration, and it may be partially overcome by using compound lenses. 

436. Combination of Lenses. If light from an object passes 
through two lenses one after the other, the combined action of the 

two in forming an image 
can be deduced by con¬ 
sidering that the image 
which would be formed by 
the first lens is the object 
for the second lens. If the 
lenses are in contact or 

Fig. 467. - Image Formed by a System of Lenses. cloge together the j 
Real rays and images shown by solid lines, vir- ° f 

tual rays and images by dash lines. by the first lens Will not be 

formed, but it will serve 
as a virtual object for the second. A case of this sort is illustrated in 
Tig. 467. Compound lenses are used in practically all optical instru¬ 
ments because they can be made to have less spherical and chromatic 
aberration than the equivalent simple lenses. 

437. Achromatic Lenses. From Fig. 445 it will be seen that while 
flint glass has a higher average index than common glass, it has 
relatively an even greater variation of the index through the visible 
spectrum. A convenient measure of this characteristic of a glass 
is the ratio (np — nc)/(nD — 1),* which is called the dispersive 
power. By combining a strong converging 
crown glass lens with a weak diverging lens 
of flint glass, it is possible to neutralize, in 
large measure, the dispersive action of the 
crown lens by the opposite dispersive action 
of the diverging flint lens, without completely 
neutralizing the converging action of the crown 
glass. Compound lenses designed in this way 
are called achromatic lenses. The two com¬ 
ponents are usually placed in contact and cemented together (Fig. 
468), and the combination can be made to have a focal length 
which is practically the same for all wave lengths in any desired 

* The subscripts F , C, and D signify that the index in question is for a definite 
wave length, identified by the name of an absorbing line in the solar spectrum: 
F = 4861 A, C = 6563 A, and Z) = 5893 A. See Fig. 415 (a). 


Al 


Converging \ Diverging 
crown— ' V—1 flint (weak) 

Fig. 468. — Achromatic 
Lens 
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Achromatic 
doublet lens 


region of the spectrum.. If the lens is to be used for eye observations 
this region of constant focal length is chosen in the neighborhood of 
X = 5500 A where the eye has ^-r— t— 

its maximum sensitivity (see _ • I | J 

Sect. 440). If it is to be used ; 

for photography then the 3 l- hjmJL — 

region of constant focal 1 600 o__ doublet lens 

length will be chosen to coin- J_Simple ien S) ' 

cide with the region of max- g _ ~ 

imum sensitivity of the 1 5000 ^ j- 

photographic plate or film. --- 

Figure 469 shows the varia- anon l 11 f _ 

tion of focal length for two 100,6 1O0 ‘ 4 100,2 10o ‘° "* 8 99 - 6 

different lenses; curve BlS for Fig. 469. -Variation of Focal Length with 
an achromatic lens designed Wave Length of Light. From Hardy and 
for visual use, and A repre- Porrin ’ Princl vlcs of Optics, by permission. 

sents the corresponding variation fora single crown glass lens having 
the same focal length for X = 5500 A. ° 

VISION 

438. The Eye. As a physical instrument the eye consists essen¬ 
tially of a lens system: a variable diaphragm, the iris; and a screen, 
the retina, on which are projected images of external objects. These 

parts are shown in sec- 
tion in Fi S- 470. Light 
\ _ enters the eye through a 

/.\ POra, “ ,de rather firm transparent 
clriSsT '■_mi Axi. curved shell called the 

cornea ’ the space imme ' 
ajic-o-.tA , diately back of which is 

filled with a watery fluid, 

Muscles cortroK: * the aqUeOUS humor. 

theUr - i tiide Next comes the iris, a 

Pig. 470 . — Di^T* 0 f the Eye colored membrane hav- 

ing in its center a circular 
aperture, the pupil, the diameter of which can be altered by the ex¬ 
pansion or contraction of the iris. In a bright light the pupil auto¬ 
matically contracts so as to prevent injury to the eye by the admis¬ 
sion of too much light. Immediately behind the iris is the crystalline 
lens, somewhat plastic, the curvature of its surfaces being controlled 


\\ \Ti .poral side 

V.\ 


Muscles cortrol 
the curvnr-jro 
the U r.-j 


i S!> > 


Fig. 470. — Diagram of tho Eye 
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by muscles around its edge. The interior of the eyeball is filled with, 
the jellylike vitreous humor, and the inner coating of the back wall is 
the sensitive surface called the retina. 

Since the indices of refraction of the various transparent portions 
of the eye are much the same, ranging only from 1.34 to 1.44, an 
entering light wave suffers the greatest refraction as it enters the 
rather highly curved cornea. The effect of all the refractions is 
to form an image of external objects on the retina, in the manner 
we have already discussed for simple lenses. If the eye muscles are 
relaxed, a normal eye is so proportioned that the images of distant 
objects are sharply focused on the retina, and in order to see near 
objects the muscles attached to the crystalline lens operate to increase 
the curvature of its surfaces, thus bringing the images of these ob¬ 
jects to focus on the retina. This adjustment of focus is called 
accommodation. Vision is most distinct for normal eyes when they 
are focused on objects about 25 cm. (10 in.) away. 

The sensory parts of the retina are the rods and cones, each the 
terminal of a nerve fiber, which to the number of many millions are 
imbedded in the tissue w T ith their lengths normal to the retinal sur¬ 
face. The nerve fibers are gathered together and leave the eyeball 
as the optic nerve, but just at the point of exit there is an insen¬ 
sitive region or blind spot. The existence of a blind spot can easily 
be verified by making a black dot on a sheet of white paper and 
then closing the left eye and looking with the right eye at a point to 
the left of the dot and distant from it about one quarter of the dis¬ 
tance from the dot to the eye. To one side of the blind spot there is 
a region containing only cones where vision is much more acute 
than on the remainder of the retina. It is this portion of the retina, 
about .3 mm. in diameter, which is always used when we look di¬ 
rectly at an object, the muscles of the eyes rotating the eyeballs until 
the image in each eye falls on the fovea centralis , as it is called. Evi¬ 
dently, the nearer the object the more the axes of the two eyes will 
have to be turned toward each other, or converged, in order to bring 
the image onto the fovea (in each eye). 

Since the eye effectively refracts like a simple lens, it follows that 
the real image of an external object on the retina must be inverted, 
but we get no such impression because we have learned to associate 
an inverted image with an erect object, and vice versa. That this is 
true may be shown very simply by looking at the sky or a bright 
white surface through a pinhole in a piece of paper held a couple of 
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Spherical wave front 


Astigmatic foci of 
point source 



Lens of eye 


•Nonspherical wave front caused by 
distorted surfaces of cornea or crys¬ 
talline lens 


Fig. 471. — Astigmatism of the Eye 


centimeters in front of one eye, and then moving a vertical pencil 
point between the pinhole and the eye. In this way one can cast an 
erect shadow of the pencil point on the retina, but the pencil point 
will appear to be inverted. 

439. Errors of Vision. The size of the eyeball and the focal length 
of the lens are not always properly matched. If the lens is effectively 
too convex, i.e., too convergent, the images of distant objects will fall in 
front of the retina so that on the retina itself the image will be blurred. 
Only objects very close to the 
eye can then be focused sharply 
on the retina, and such eyes 
are said to be short-sighted or 
myopic. 

If the lens has too long a 
focus, near-by objects will be 
focused back of the retina, only 
distant objects can be brought to sharp focus on the re tina , and such 
eyes are called far-sighted or hypermetropic. 

Short-sighted or over-convergent eyes can be corrected by using a 
suitable diverging lens in spectacles or eyeglasses, while with far-sighted 

eyes a converging lens is necessary. 

A second type of error occurs when 
one or more of the refracting surfaces 
of the eye are not spherical. In this 
case light from a point source will not 
be focused in a point image but in two 
short line images, perpendicular to each 
other and at different distances from 
the eye-lens as indicated in Fig. 471. 
When such an eye is focused upon an 
object, one of these lines is focused 
upon the retina, but of course vision 
Fig. 472. — Astigmatic Parallels will be blurred and indistinct, except 

that straight lines which lie in such a 
direction that their images are parallel to the line-image of each 
point can be seen with some distinctness. An eye hay ing this 
characteristic is said to be astigmatic, and the existence of astig¬ 
matism can readily be shown by examining, with the naked eye 
of course, the sets of parallel lines of Fig. 472. If astigmatism is 
present one set of lines will appear sharper than the others. This 
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eye defect is corrected by using a cylindric lens so placed in front of 
the eye that its unsymmetrie curvature corrects the unsymmetrie 
curvature of the eye lens or cornea. 

440. Sensitivity of the Eye. The eye can detect extremely small 
amounts of light energy, equivalent, according to different observers, 
to a single candle at a distance of 13 or possibly 20 miles, if there were 
no absorption in the atmosphere; and an even fainter source is per¬ 
ceptible if it is large enough to produce an image of some size on the 
retina. But the sensitivity varies greatly for different wave lengths; 
under ordinary conditions the eye is most sensitive to yellow-green 
light of X = 5500 A. In other words, the spectral sensitivity curve 
has a maximum at this wave length and falls off quite rapidly for 
longer and shorter wave lengths. Most eyes do not respond appre¬ 
ciably to wave lengths below 4000 A and above 7500 A. These 
wave lengths are in vacuo (see Sect. 405). 

441. Sensation of Color. Though the eye receives a different stim¬ 
ulus or sensation from the different wave length regions of the spec¬ 
trum, which are roughly called the red, orange, yellow, green, blue, 
indigo, and violet regions (in the order of decreasing X), nevertheless 
it has no power of analyzing the sensation produced by a mixture of 
wave lengths. In this respect it is greatly inferior to the ear, since 
a trained ear can analyze the tone-complex of a full orchestra into the 
tones of the individual instruments. In consequence, there are in 
general an infinite number of combinations of wave lengths which will 
produce indistinguishable color sensations in the eye. Just how 
these color sensations are produced is not yet understood, but since 
the behavior of the eye as regards color is very much in accord with 
the Young-Helmholtz theory, this may be adopted as a useful work¬ 
ing hypothesis. This theory assumes that the eye contains three 
independent detectors of radiation, each responsive to a rather wide 
range of wave lengths but having its maximum response respec¬ 
tively in the red, green, and violet. While it is known that only the 
cones are sensitive to color differences, there is unfortunately no 
anatomical evidence for the existence of three sets of detectors, and 
while any color stimulus can be imitated or matched by combining 
three monochromatic lights (i.e., confined to a very small range of 
wave lengths), there are many sets of three which, combined in some 
proportion, will produce a match. Matching by the combination 
of three colors therefore furnishes no evidence for the existence of 
three definite and different color-detecting mechanisms. 
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Curves showing the variation with wave length for the three pri- 
jnary sensations most commonly assumed are shown in Fig. 473. 
In computing these curves 
the energy producing the 
stimuli is supposed to be "} 
the same for all wave j too 
lengths. Color-blind in- 1 600 
dividuals are supposed to J 
lack one or more of the 200 
three specific detecting 100 
mechanisms. The most *000 *>00 sooo 5500 aooo «oo tooo 

, Wave Length (A) 

common form 0 Fig. 473. — “Three Color” Sensitivity Curves 

blindness is a lack of dis- (scales arbitrary) and Relative Visibility Curve 
tinction between red and 

green, so that red raspberries appear the same color as green leaves, 
and red signals cannot be distinguished from green, on the railway. 

It should be emphasized that the foregoing discussion has referred 
to the combining and “matching” of light entering the eye, and not 
to the combining and matching of pigments. 

442. Stereoscopic Vision. If, with one eye,closed, one attempts 
to thread a needle or, more simply, to bring together the points of 
two pencils held a foot away and at right angles to the line of sight, 

one quickly finds that the esti¬ 
mate of distance with monocular 
vision is very inaccurate. Our 
appreciation of the relative dis¬ 
tance of objects is due largely 
to the fact that the two eyes, 
being about 62 mm. apart, get 
slightly different views of the 
field of vision and so objects at different distances appear in a different 
relationship to each other in the images on the two retinas. Thus 
(Fig. 474) object A appears nearer C to the right eye, but nearer B 
to the left eye. The brain interprets these differences as indicating 
the relative distances of the objects, and this characteristic of vision 
is called stereoscopic. Evidently from the geometry of the figure 
one’s ability to estimate distances in this way would be greater for 
near-by objects, and indeed for objects at greater distances than about 
700 feet the stereoscopic effect is not observable and estimates of dis¬ 
tance must be based on other things, such as the apparent size of 



Fia. 474. — Stereoscojric Effect Obtained 
When Object Is Seen with Both Eyes 
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familiar objects. If a camera is substituted for each eye, photographs 
taken, and positives of the right and left pictures are viewed at the 
proper distance by the right and left eye respectively, a vivid impres¬ 
sion of depth, or stereoscopic effect , is obtained. Instruments for taking 
and examining such photographs are called stereoscopic cameras and 
stereoscopes. Exaggerated stereoscopic effects can be obtained if 

the two cameras are placed farther 
apart than the eyes, or if light is 
collected by more widely separated 
lenses and brought to the eyes by 
total reflecting prisms (Fig. 475). 
Thus with a prism binocular (see 
Sect. 449) stereoscopic effects, 
partly due to the magnifying power 
and partly to the lens separation, 
are observable at distances of two 
miles or more. Stereoscopic effects 

Fig. 475. -Diagram of Range-Finder can also be obtained with aerial 

photography by using two photo¬ 
graphs taken at different points. If, by a combination of mirrors or 
prisms, the right eye is made to see the left eye's view and vice versa, 
or if the pictures in a stereoscope are transposed, an interesting and 
amusing reversed stereoscopic, or pseudoscopic, effect may be pro¬ 
duced, in which the relative distances of objects appear reversed. 

443. Persistence of Vision. The eye does not respond instantly to 
a light stimulus, and the sensation lasts an appreciable time after 
the stimulus ceases. This continuance of the sensation is called 
persistence of vision, and it is responsible for the success of motion 
picture projection. If the sequence of pictures is projected at the 
rate of about twenty-four or more per second, the mind is not con¬ 
scious of the interruptions and the successive impressions merge 
smoothly into each other. A color sensation does not seem to grow 
and decay with the same speed as the sensation of intensity. If one 
looks at a white surface illuminated by light of considerably different 
color from two different sources in rapid alternation, it is found that 
at low speeds of alternation the eye can perceive both the color 
difference and the intensity difference of the two illuminations, which 
appear as fluctuations or “flickers" of color and intensity. But 
as the speed of alternation increases the “color flicker" disappears at 
a speed for which the “intensity flicker" is still discernible. Finally 
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the intensity of the two illuminations can be adjusted to equality 
by changing one until the intensity flicker stops or becomes a mini¬ 
mum. This adjustment can be made most simply by changing the 
distance of one source from the screen, as described in connection 
with the “grease spot” photometer. The “flicker photometer” 
operates on this principle, and is especially useful in comparing the 
intensities of illuminations which are so different in color that the 
“grease spot” and similar photometers cannot be used. 

444. Limitations of Vision. Even with a perfectly normal eye 
there are certain limitations to vision, one of which is imposed by the 
fact that the sensitive rods and cones are spaced a measurable dis¬ 
tance apart in the retina (about .004 mm. between centers of cones 
in the fovea) so that even if a perfect image were formed upon the 
retina not all of the details could be perceived. This limitation 
corresponds quite closely to the photographic limit set by the size 
of the sensitive particles or grains in a photographic plate. Another 
limitation, not peculiar to the eye but common to all image-forming 
instruments, is due to the diffraction of light by the pupil, and this 
will be discussed later. The field of most distinct vision (i.e., the 
field whose image just covers the fovea) is quite small, being less 
than 1° in angle, or approximately a circle 3.5 mm. in diameter at a 
distance of 25 cm. from the eye. Points within this region can be 
distinguished by the eye if they subtend an angle of 70 seconds or more 
at the eye — that is, if their images are as much as .0055 mm. apart 
on the retina. The two limitations mentioned above, due to retinal 
structure and diffraction, are about equally important — that is to 
say, the retina is about as fine-grained as is necessary in view of the 
other characteristics of the eye. It is evident that the difficulties 
we have been discussing are more important if the image on the ret-' 
in a. is small — that is, if the object viewed is distant or very small. 
Hence for these two cases especially the eye needs fhe assistance 
provided by several optical instruments which will now be discussed. 

OPTICAL INSTRUMENTS 

446. Magnifier. The simplest of these is the magnifying glass 
which is merely a converging lens placed so that the object to be 
examined is a little nearer to the lens than its principal focus, as in 
Fig. 476. In this case, as we have seen (Sect. 430), the image will be 
virtual, enlarged, and erect, and for ease of observation it should be at 
the distance of most distinct vision, D, which is about 25 cm. from 
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the eye. In order that it may receive light only through the central 
part of the lens the eye should be quite close to the lens. Since to 
view the object without the lens it would be held at the distance D 
from the eye, the magnification is simply the ratio of the image size 
to the object size; that is, 

P'Q' v 
Magnification = ~pg = - 

1 1 1 (/ = focal length of the lens, 

But in general v~u^~f positive for convergent lens) 

v M v 

from which 

but since in this case 

v = —D 
v i + 

That is, the magnification is 1 + D/f where D is the distance of most 
distinct vision and / is the focal length of the lens. An ordinary 

“reading glass” may have 
/ = D, that is, a magnifica¬ 
tion of about 2, while a 
jeweler’s magnifier will have 
a magnifying power of from 
4 to 8. Leeuwenhoek’s 
“microscope” (1675) con¬ 
sisted, so far as is known, of 
a single small lens, and the 
shortest focal length which he 
is known to have used was 1.25 mm., giving a magnifying power of 
200, in accordance with the previous expression; yet with such a 
simple device he discovered bacteria. 

In general a simple lens used as a magnifier has two great dis¬ 
advantages, namely considerable chromatic aberration or coloring 
of the image, and a very small “field,” i.e., area which can be focused 
sharply and without distortion. By using two or more lenses, pref¬ 
erably of two different kinds of glass, a compound magnifier can be 
constructed, with greatly improved performance in both these 
respects. 

446. Eyepiece or Ocular. When a magnifier is used in combina¬ 
tion with an image-forming lens, it is called an eyepiece or ocular. 
The most common form consists of two simple plano-convex lenses 
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Fig. 47.7. Ramsden Eyepiece 


of equal focal length / separated a distance If, and gives a virtual 
erect, and magnified image of an object which is situated just inside 
the front prmcipal focus of the combination, as in Fie 477 » 

combination of lenses placed ’ ‘ a 

at this distance from each 
other gives less chromatic 
aberration and less distor¬ 
tion and spherical aberra¬ 
tion than a single lens of the 
same focal length as the 
combination. It is called a 
positive eyepiece because the 
object (or image) which it is 
used to magnify must be real. 

447. Compound Microscope. This is a combination of a short 
focus objective A and an eye lens or eyepiece B as in Fig. 478. The 

objective and eyepiece are 
mounted in a tube, with 
the distance AI about 160 
mm. This tube can be 
moved parallel to itself 
along the axis OE for 
focusing that is, to bring 
the first image of the ob¬ 
ject, formed by the objec¬ 
tive, at the proper point I. 

,r . r ,, . „„ . If OAis2mm.andAI160 

mm., the image I will be 80 times the size of the object, and if the 
eye lens or eyepiece magnifies 10 times the total magnification 
will be 800, usually referred to as “800 diameters.” Frequently in 
microscopes a Huygens or negative eyepiece is used, which again 
consists of two lenses but placed so that the rays from the objective 
strike the first lens of the eyepiece before the image 1 is formed A 
reduced real image /' is then formed between the two eyepiece lenses 
and finally a magnified virtual image I" which is seen by the eye If 
it is desired to measure objects as seen by the microscope this may 
be done by placing a scale finely graduated on glass in the plane of 
t e image I (Fig. 479), or a cross hair moved by a screw having a 
graduated head in the plane of the image I (Fig. 478). A simple lens 
is practically useless as a microscope objective because of its spherical 



Fig. 478. — Compound Microscope (Simplified 
Diagram) 
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and chromatic aberration. The simpler objectives consist of two 
achromatic doublet lenses properly designed and separated to reduce 


f-Za f—a 



Fig. 479. — Huygens Eyepiece 


spherical aberration and achro¬ 
matized (i.e., having a fairly 
constant focal length) for the 
visible wave lengths. The best 
objectives have a number of 
constituent simple lenses of dif¬ 
ferent glasses and are achroma¬ 
tized more perfectly (Fig. 480). 
The distance from the object to 


the front surface of the objective may be as little as .12 mm., the 


initial magnification produced by the objective alone as much as 90 


or 100 diameters, and the total mag¬ 
nification may be as high as 1500. As 
the magnification is increased the 
diameter of the cone of rays emerging 
from any point of the final image 
(/", Fig. 479) decreases, and when 
this no longer fills the pupil of the eye 
the brightness of the image decreases 
accordingly. Thus the faintness of 
the image would set a limit to the 
apparently limitless possibilities of 
magnification suggested by the above 
merely geometrical considerations. 



W (b) 

Low Power 2 mm. 

Achromat Achromat 

Fig. 480. — Schematic Diagram of 
Microscope Objectives 


However, with good illumination and before the image gets too faint, 
other considerations enter and set a limit to the useful magnification 
which can be employed, and these will be discussed later under 
resolving power. 


448. Telescopes. Telescopes are for the purpose of improving 
our vision of distant objects, and they consist of two parts, a mirror 
or lens, called the object glass or objective, which usually for ms a 
real image of the object, and an eye lens or eyepiece which for ms a 
virtual magnified image which is seen by the eye. This general 
description is exactly the same as that of the microscope, and indeed 
there is no sharp distinction between the two, though an instrument 
in which the first image (formed, by the objective) is actually larger 
than the object is customarily called a microscope, and one in which 
the first image is smaller than the object is called a telescope. 




FIELD GLASS OR BINOCULAR 


493 


In the astronomical refracting telescope the objective 0 forms a 
real inverted image / of the distant object (not shown) which will be 
practically at the principal focus of the objective (because the object 
distance is so large) and this is examined by some form of eyepiece, 
a simple eye lens being shown in Fig. 481. In order to show the 
formation of the final image this diagram does not conform to the 
ordinary practice, though it 
does illustrate a possible 
way of focusing a telescope. 

In using such a telescope 
the eye is usually relaxed or 
“focused at infinity,' 77 so 
that V must be at infinity 
— that is, the bundle of 
rays from each point of the 
object is parallel after leav¬ 
ing the eyepiece and I must 
be at the principal focus of 
the eyepiece. The bundles of rays from various points of the object 
pass through a circle just outside the eyepiece called the eye circle 
where the pupil should be placed in order to see all parts of the field 
of view. The magnification can be computed from the geometry 
of the figure, for from the construction it is evident that the image I 
subtends the same angle 2 a at the optical center of the objective as 
the object does to the observer, while for similar reasons I and V 
subtend the same angle 2 9 at the optical center of the eye lens. 
Hence 



Magnification = 


tan 9 
tan a 


L/l-fi 

f‘i/ fi J‘i 


That is, the magnification equals the ratio of the focal length of the 
objective to the focal length of the eye lens or eyepiece. If the object 
is near by, as would be the case, for example, in observing a galva¬ 
nometer scale across a room, the actual magnification would be 
somewhat greater than that stated above. 

449. Field Glass or Binocular. The first telescope was built by 
Galileo in 1609, and his form differs from the one just described in that 
it has a so-called “negative 77 eyepiece which intercepts the converg¬ 
ing beam from the objective before it is brought to a focus and forms 
an erect virtual image which is viewed by the eye (Fig. 482). This 
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not only gives an erect image but shortens the total length of the 
instrument, and for these reasons a pah 1 of such telescopes are used in 
the older forms of binoculars and opera glasses. A later and better 
form uses two total reflecting prisms in each telescope which erect 
the image and also reduce the over-all length (Fig. 483). Further¬ 
more, it is possible with this construction to have the distance be- 




Objective 


Fig. 483. — Diagram of Prism 
Binocular 


tween the two objectives greater than the distance between the eyes, 
thus increasing the stereoscopic effect and enhancing the perception 
of differences in distance. (See Sect. 442.) 

450. Other Optical Instruments. The remaining optical instru¬ 
ments which are to be considered are not direct aids to vision, and 
among these the simplest is the photographic camera. This is noth¬ 
ing but a lens arranged to throw an image on a sensitized plate 
or film. A simple lens, such as is used in the cheapest cameras, will 
obviously not be very satisfactory, since it will be subject to both 
spherical and chromatic aberration. The former can be reduced, 
as we have seen, by using a small aperture, but this reduces the 
amount of light and lengthens the necessary exposure. It is also 
desirable that a photographic lens should be able to focus sharply 
over a considerable area of plate, and that the image should be free 
from noticeable distortion. It is not surprising therefore that a really 
good photographic lens, of large aperture (i.e., fast), large flat field 
free from distortion, and properly achromatized, should be a com¬ 
plicated and expensive article. Figure 484 shows in section one of 
the best forms. A “universal focus ” lens is merely one of very short 
focal length. For example, if / = 2 in., which means that an in¬ 
finitely distant point would be focused 2 in. from the optical center 
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of the lens, a simple computation with the lens formula shows that 
a point 20 feet in front of the lens would be focused 2.016 in. from 
the lens, so that all objects more than 20 feet distant would be almost 
equally well focused on the plate. With a lens of longer focus, what 
is called “depth of focus” is attained (at the sacrifice of “speed”) 
by cutting down the used aperture of the lens with the iris diaphragm, 
so that the image is formed by narrow cones of rays. It will be clear 
from Fig. 485 that under these circumstances image points which are 



Fig. 484. — Tessar Camera 
Lens 


Image of farther 
point P t 



Photographic plate 
Large Aperture * 

(a) 



Sharp image of 
near point P 

y Blurred image 
of P / on plate 


Sharp image of 
"near point P 

y Blurred image 
of P f 


Photographic plate] 

Small Aperture 
(6) 

Fig. 485. — Depth of Focus. Blurred image in 
(5) is much smaller than in (a). 


not accurately in focus on the plate will appear sharper than if a 
large aperture is used. 

451. Projection Lantern. The projection lantern has two essen¬ 
tial optical parts, the illuminating system and the projecting lens 
(Fig. 486). The illuminating system consists of a source, which 
may be the positive crater of 
an arc or a square array of 
spiral tungsten filaments, and 
a condensing lens or pair of 
lenses arranged to form an 
image of the source on or 
near the projecting lens, so 
that as much light as possible 
will pass through the latter. 

The slide to be projected is placed quite close to the condenser, where 
the converging beam is of very uniform intensity and is large enough 
to cover the entire slide. The projecting lens must be placed so that 
it forms a sharp image of the slide on the screen — that is, the slide 
and screen must be conjugate foci with respect to the project¬ 
ing lens. 
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452. Spectroscope and Spectrograph. The spectroscope, or spec¬ 
trometer, is a combination of lenses and prism for the purpose of 
visually separating the various wave lengths in a beam of light so 
that one can ascertain what wave lengths are present. As shown in 
Fig. 487 the light from the source enters the slit S which with the 
achromatic lens L\ forms what is called the collimator. S or L\ can 
be moved along the axis SO, and S should be placed at the principal 
focus of the lens so that the waves diverging from the slit are plane 
or very nearly so after refraction by the lens. Upon passing through 
the prism these waves will be deviated, as discussed in Sect. 425, 
by different amounts depending on the wave length and the disper¬ 
sion and angle of the prism. The objective lens, L 2 , of the telescope 

focuses the plane waves in 
its principal focal plane, at 
various positions depend¬ 
ing on the amount they 
were deviated by the 
prism. If the source were 
emitting only a few dis¬ 
crete wave lengths as, for 
example, if it were an elec¬ 
tric discharge in mercury 
vapor, there would be seen 
through the eyepiece of the 
telescope a few narrow bands or lines of light of different color, each 
an image of the slit formed by light of a particular wave length. 
The narrower the slit the narrower would be each line, so that for 
analyzing light containing many different wave lengths it is desirable 
to have a very narrow slit. Hence the sharp-edged pieces of metal 
which are the sides or “jaws” of the slit are usually arranged to be 
moved sideways by a delicate screw motion. Light spread out in 
this way with 'different wave lengths separated is called a spectrum, 
and because, with a narrow slit, each monochromatic image of the 
slit looks like a line, it is customary to apply the term line to the 
various discrete wave lengths present. Thus we speak of a “many 
line” spectrum rather than a “many wave length” spectrum. If 
an instrument of this sort is provided with a graduated circle and 
verniers attached to the telescope and the prism so that angles of 
deviation can be measured, it is called a spectrometer, while a spec¬ 
troscope is merely for observing the spectrum. 



Fig. 487. — Diagram of Spectroscope and 
Spectrograph 
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In a spectograph a camera is substituted for the telescope, so that 
the spectrum can be focused on a plate or film and photographed. 
Since photographic plates can be made sensitive to waves both longer 
and shorter than the eye can see, the range of the spectrograph is 
correspondingly greater than the spectroscope. At present it is 
possible to photograph with any wave length from about 12,000 A 
(.0012 mm.) down to the shortest known. 

It should be kept in mind that it is impossible to measure wave 
lengths with a prism instrument. Other methods of dispersing light 
(i.e., separating the various wave lengths), which enable us to meas¬ 
ure the wave length with great accuracy, will be discussed later (Sect. 
459). If by such methods a number of wave lengths have been 
measured, these can be used to determine the deviation of a prism 
instrument as a function of wave length, and with such a calibration 
curve unknown wave lengths may be evaluated. 


PROBLEMS 

1. A 16 candle-power lamp is placed 10 cm. from a white screen. How 

far from the same screen and on the same side as the first lamp must a 100 
candle-power lamp be placed so that the-total illumination on the screen is 
now three times what it formerly was? (12.5 a/ 2 cm.) 

2. In an experimental determination of the velocity of light in water by 

Fizeau’s method, it was found that the intensity of the reflected light was 
a minimum when the wheel made 800 revolutions per second. The number 
of equispaced openings in the toothed wheel was 400 and the length of the 
tube containing water, with a mirror at the end, was 176 meters. Find the 
velocity of light in water. (2.25 X 10 10 cm./sec.) 

3. If the velocity of light in air be 3 X 10 10 cm./sec., what will be the 
frequency of green light which has a wave length of 0.0005461 mm.? 

(54.93 X 10«) 

4. What is the vertical length of the smallest plane mirror in which a man 

6 ft. tall can just see the whole of himself? (3 ft.) 

5. A flagpole at the edge of a still pond rises 18 ft. 4 in. above the surface 

of the pond. An observer standing 10 ft. from the base of the flagpole in a 
boat sees its image reflected in the water. If his eyes are 5 ft. 8 in. above the 
surface, how far away from his eyes does the image of the top of the pole 
appear? (26 ft.) 

6. A lighted candle is placed between two plane mirrors which are at 
right angles to each other and touching along one edge. How many images 
of the candle will be seen? Indicate the direction of the rays from the candle 
to the eye in each case. 
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7. Light from a distant object falls on a plane mirror, is reflected onto a 
second plane mirror, kept at a constant angle to the first, and then reaches 
the observer’s eye. Show that the observer will continue to see the object, 
regardless of the tilt of the mirrors with respect to the incident light, provided 
the light is reflected from the two mirrors to the eye. 

8. A simple Bunsen photometer is used to determine the candle power of 
an electric lamp by comparison with a standard lamp. The illumination 
at the screen is the same when the standard lamp is 60 cm. away and the 
unknown is 30 cm. away. When a 100 candle-power lamp is placed 100 cm. 
from the screen on the same side as the unknown, the unknown must be 
moved until it is 60 cm. from the screen before the illumination is again 
the same as that due to the standard lamp at 60 cm.. Find the candle power 
of the standard lamp and of the unknown respectively. 

(Standard 48 c.p.; unknown 12 c.p.) 

9. A pin is placed on the axis of a convex mirror, 8 cm. from the mirror. 
If the focal length of the mirror is 10 cm., how far from the mirror will the 
image appear? Draw the optical diagram. 

(4| cm. behind the mirror) 

\ 10. A concave mirror forms a real image 18 cm. from the mirror. If 
the magnification is two, find the radius of curvature of the mirror. 

(12 cm.) 

11. A concave mirror has a radius of curvature 24 cm. A small object is 

placed on the axis of the mirror 18 cm. from it. Find the position of the 
image and the magnification. (36 cm.; 2) 

12. A small object 1 cm. high is placed 8 cm. from a convex mirror of 

focal length 12 cm. Find the position and size of the image found and draw 
the optical diagram. (4.8 cm. behind the mirror; 0.6 cm. high) 

13 . What must the angle be between two plane mirrors, in order that an 

incident ray parallel to the one, shall, after two reflections be parallel with 
the other? (60°) 

V 14. A convex mirror has a radius of curvature 20 cm. Find the position 
and size of the image formed by it of a pin 2 cm. high placed on the axis 
8 cm. from the mirror. (4f cm. behind the mirror; 1J cm. high) 

15 . A coin is placed beneath a piece of plane plate glass 2 cm. thick. If 
the refractive index of the glass is 1.50, how far beneath the upper surface 
will the coin appear to be when viewed vertically from above? (1J cm.) 

\ 16. A pond 12 ft. deep appears to be only 9 ft. deep when viewed from 

above vertically. What is the refractive index of water? (|) 

17 . "What is the angle of minimum deviation for red light of a prism, 
the refractive index of which is 1.43 and the refracting angle 59° 30'? 

(31° 16') 

18 . If the angle of minimum deviation of yellow light passing through a 

glass prism is 38° 30' and the refracting angle is 60°, what is the refractive 
index of the glass? (1.52) 
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19. If the refractive index for water is f and glass 1.5 for light of a given 
color, what is the refractive index of glass with respect to water? (») 

£ 20. If a ray of light is passing from water to glass, what is the value of 
the critical angle, the refractive indices of water and glass with respect to 
air being | and 1.5 respectively? (62° 42') 

21. If the velocity of green light in air is 3 X 10 10 cm./sec. what is the 

velocity in water and in glass if the refractive indices for water are respectively 
i and 1.50? (2.25 X 10 10 cm./sec.; 2 X 10 10 cm./sec.) 

22. An object is 10 cm. from a sheet of plate glass 2.1 cm. thick which has 

a refractive index 1.40. When the object is viewed normally through the 
glass, how far from the glass will its image appear? ( 11.5 cm .) 

23. A pin 3 cm. high is placed on the axis of a converging lens of focal 
length 10 cm., at a distance of 8 cm. from the lens. Find the position and 
size of the image and draw the optical diagram. 

(40 cm. from lens; 15 cm. high) 

\ 24. A diverging lens has a focal length of 15 in. How far from the lens 
will the image be of an object 2 in. high placed on the axis 12 in. from the 
lens? Give the optical diagram and state the size of the image. 

(6§ in. from the lens; -V°- in. high) 

\ 25. An object is placed 10 cm. from a converging lens of focal length 8 cm. 
Find the position of the image. Draw the optical diagram. 

(40 cm. from lens) 

26. Show that the focal length of a thin glass lens in a narrow cell of 
water with parallel sides is 3 times that of the lens in air. Take the refractive 
indices of glass 1.5 and of water 

i 27. An object is placed on the axis of a converging lens of focal length 
12 cm. so as to form an erect image of 3 times the height. How far from the 
lens must the object be placed? (8 cm.) 

28. How far from a converging lens of focal length 16 cm. must an ob¬ 
ject be placed if the inverted image formed by the lens is twice as high? 

(24 cm.) 

{ 29. The radii of curvature of the two surfaces of a biconvex glass lens 
are 30 cm. and 60 cm. respectively. It was found to have a focal length of 
50 cm. What must the refractive index of the glass be? (1.4) 

< 30. A biconcave lens is made of glass of refractive index 1.50. The radii 
of curvature of the two surfaces are both 15 cm. What is the focal length 
of the lens and how far from it must an object be placed on the axis so that 
its image will appear \ as high? (15 cm.; 45 cm.) 

31. Being supplied with two kinds of glass having dispersive powers of 
0.022 and 0.045 respectively, show how to construct an achromatic com¬ 
bination having a focal length of 30 cm., the resulting lens to be converging. 
(Converging lens of focal length 154 cm. and a diverging lens of focal length 
31^ cm.) 

32. A telescope is made of two achromatic lenses, the objective having a 
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focal length of 1 meter and the eyepiece a focal length of 2 cm. What is 
the magnification of the telescope? (50) 

DIFFRACTION 

453. Introduction. In Sect. 409 we discussed the diffraction 
fringes observed near the edge of a shadow, which are evidently due 
to the fact that the advancing wave fronts are limited by the screen 
which casts the shadow, since if we considered a wave front of un¬ 
limited extent there would be no observable diffraction effects. 
But in ah actual cases the wave fronts which we use are limited in 
extent, as, for example, by the size of the pupil of the eye or by the 
size of a lens used to bring the waves to a focus, or by the size of the 
slit in a spectroscope, and we may therefore expect to find diffraction 
effects of very general occurrence. It will however only be necessary 
to consider a few cases in detail. 

454. Diffraction by a Slit. Consider light from a point source S 
passing through a slit S f to a screen. If the slit is so wide as to con¬ 
tain a great many zones 

, . M (Sect. 407) with respect to 

| intensityju^M _ point P there will be ob- 

s =F i served on the screen merely 

' screen a bright strip, each edge of 

J which will show the straight 
intensity curve^< j_ Xd edge diffraction fringes al- 

s ~—~T / y .. ready discussed, as shown in 

k Fig. 488 (a). As the slit is 

^Screen 

^ narrowed new effects come in 

i which are especially marked 

when the slit contains only 
cue part of the first two zones, 

. z Fig. 488 (6). How the in- 

2 ^ 1 D y tensity will vary at different 

| p' points on the screen can best 

i ( c) be understood from Fig. 

Fig. 488. - Diffraction by a Slit 488 00 in which, for clearness, 

the width of the slit of which 
B is the center is much exaggerated. If the slit is parallel to the 
wave front, the Huygens waves from all points of it will start out in • 
the same phase, but to reach a point such as P' it is evident that the 
distance traveled will increase continuously from A to C. Hence the 


Intensity curve^ 


Slit width ^= vf\ & 


Fig. 488. — Diffraction by a Slit 
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waves from successive points of the slit will arrive at P' behind those 
from A. With P' as center and a radius AP' describe the arc ADE 
which may in the actual case be taken as a straight line. If P' is so 
chosen that BD = X/2 and CE = X it is evident that the secondary 
wave from B will arrive at P' 180° out of phase with that from A 
and will therefore annul it. Similarly, waves from just above A and 
just above B will annul each other — in fact, one half of the slit will 
annul the other half and the intensity will be zero. The condition 
for this is, from the geometry of the figure and letting w = AC, the 
width of the slit, 

w sin 6 = X 

or for small angles wd = X 


or 


since 


^ = tan 6 = 6 


| approximately for 
1 small angles 


Thus there will be a bright band with center at P which fades off to 
zero intensity at a distance y = \d/w. In the case of points on the 
screen still farther from P, similar reasoning shows that when CE' = 
2 X the waves from the first quarter of the slit will annul those from 
the second quarter, being 180° out of phase, and those from the third 
annul those from the fourth, so that the intensity will again be zero, 
the condition evidently being y = 2 \d/w. Evidently for all values 
of y = riXd/w, where n is any integer, there will be a dark band, 
while at intermediate points the secondary waves will not completely 
annul each other and there will be some light. A more complete 
discussion shows that the central maximum at P is much more 
intense than the side maxima. If nearly monochromatic light such 
as that from a sodium flame is used, a considerable number of fringes 
can be observed, and if we measure d, w, and y for the “nth” fringe 
we have here a means of measuring the wave length X, but it is not an 
accurate method, for the lengths w and y are small and difficult to 
measure. Our original expression w sin 9 = X shows us that in pass¬ 
ing through a rectangular aperture the light energy spreads through 
an angle 0 on either side of the axis, 0 being determined by sin 0 = X/to. 
Similar conclusions hold for sound waves and since sound waves of 
medium pitch are several feet in length, it follows that such waves 
would spread through an ordinary door to about the same extent 
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that- light waves spread in passing through a slit about .0005 mm. 
wide. Hence sharp sound shadows are not commonly observed. 

455. Diffraction by a Circular Aperture. Since, as we have seen, 
many optical instruments have circular openings or apertures, for 
example the pupil of the eye and the lenses of telescopes and cam¬ 
eras, it is important to consider what sort of an image of a point 
source will be given by a lens of circular aperture. 

Consider the formation upon a screen S of an image of a distant 
point source, such as a star, by a lens (Fig. 489). Let the plane 
wave from the star be limited by a circular opening, shown in section 
as AB, just at the lens. According to our usual hypothesis secondary 

waves may be considered as 
leaving all points of this 
opening, started by the pri¬ 
mary wave. If the lens is 
perfectly corrected for spher¬ 
ical aberration, then we 
should expect that all por¬ 
tions of these secondary 
waves which start out par¬ 
allel to the direction OP will 
reach P in phase, producing 
a maximum illumination at 
P. But will P be a geometrical point image of the star, or if not what 
will be the intensity of illumination in the neighborhood of P? We 
shall have to state without proof the answers to these questions, 
as follows: The light will not be confined to P, but will be distributed 
in a bright central spot of measurable size surrounded by a series of 
faint rings. This distribution of intensity is shown by the curve of 
Fig. 489, the intensity for each point being laid off to the left of the 
plane of the screen. The radius of the central spot is given by the 
equation 

Exactly the same conclusion is reached if a mirror is substituted for 
the lens to form the image, and we must conclude that whenever 
we form an image of any object, even with a perfectly corrected 
lens, each of the luminous points of the object will give rise not to a 
point image but to a diffraction pattern, the most important part of 
which is the central disk whose radius is given in the above equation. 



Pig. 489. — Diffraction by Circular Aperture 

The right-hand part of this figure is a rough 
attempt to picture the varying intensity repre¬ 
sented by the curve. 
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The larger these diffraction disks are, the more blurred will the image 
be and the less detail will be distinguished in it. The use of a lens of 
longer focus (/) giving a larger image will not help, for the above 
equation shows that the radius of the diffraction disks is proportional 
to / and therefore increases in the same proportion as the size of the 
image. But the radius of the diffraction disk varies directly as 
\/AB, so that it can be reduced by using an aperture of large diame¬ 
ter (AB), or by using light of shorter wave length. For visual ob¬ 
servation one is limited in the choice of wave lengths, but for pho¬ 
tography, either with a telescope or a microscope, considerable 
improvement in the sharpness of images has been attained by using 
shorter wave lengths in the ultraviolet. With ordinary lenses the 
blurring due to spherical aberration is so great that the blurring 
due to diffraction is not no¬ 
ticeable, but with the finest 
lenses, carefully corrected for 
spherical aberration, diffrac¬ 
tion sets a limit to the possi¬ 
ble sharpness of the image. 

★456. Diffraction by Rec- J? IGi 490. — Diffraction Around an Obstacle 
tangular and Circular Screens. 

If S (Fig. 490) is a point source or the intersection with the paper of 
a straight linear source such as an illuminated slit, and OQ the inter¬ 
section with the paper of a rectangular obstacle 




Fig. 491. — Diffrac¬ 
tion Around a 
Needle 


whose length is perpendicular to the plane of the 
diagram, diffraction effects will be observed on the 
screen S', whose general character can be accounted 
for if we again consider the secondary waves start¬ 
ing from every point of the wave front as it passes 
0. If S and P are each equidis¬ 
tant from 0 and Q, then we might 
expect, since the resultant second¬ 
ary disturbances from above Q or 
below 0 would reach P in the same 
phase, that there would be a bright 
streak down the center of the geo- Fig - 492.—Diffrac- 

metric shadow. Furthermore, to circular Object 
reach a point such as P', secondary 



waves from above Q would travel a shorter distance than those 


from below 0, and these two sets of waves would arrive in differ- 
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ent phase and might annul or reinforce each other depending on 
the differences in their phase. Figure 491 is a reproduction of a 
photograph of a shadow cast in this way, and shows plainly a bright 
line down the center of the shadow, and the bright and dark fringes 
on either side of it. If we cast the shadow of a circular obstacle from 
a point source, considerations analogous to those given above lead 
us to expect a bright spot in the center of the geometric shadow, and 
this is clearly reproduced in Fig. 492. 


INTERFERENCE 


457. Interference effects are those produced when two or more 
light waves having a definite phase relation combine to produce a 
resultant. The principles underlying the discussion of interference 
are those discussed in Sect. 130 on the combination of waves or 



Fig. 493. — Young’s Experiment 


vibrations, and are the same 
as those used in discussing 
diffraction, but since the ex¬ 
perimental arrangements for 
interference are quite different 
they must be given separate 
consideration. The simplest 
arrangement for showing in¬ 
terference is that of Young, of 
which Fig. 493 (a) is a hori¬ 
zontal section. 

Here S is a monochromatic 
point source, or a very narrow 
slit with such a source back of 
it, Si and S 2 two narrow slits 
separated by the distance d, 
and PP' a screen. If Si and S 2 


are narrow enough the light will “spread” considerably after passing 
through them, as we have seen, and a considerable portion of the screen 


near P will be illuminated by light from both slits. But on this por¬ 
tion of the screen, instead of producing increased uniform illumination, 
light from both slits produces maxima and minima, which were first 
observed by Thomas Young (1807) and explained by him in the 
following way. If Si and S 2 are equidistant from S, their secondary 
waves will start in the same phase , and hence when they reach any 
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point P' their relative phase will depend simply on the fact that 
one has had to travel farther than the other. 

From what has been said in Sect. 130 about the interference of 
two waves as determined by their difference in phase, we can con¬ 
clude that if the path-difference, P'S 2 - P'Si, is half a wave length, 
the two waves will be just out of phase at P' and will ann ul each 
other. They will also annul each other if P'S* - P'Si = | X or, 
in fact, any odd multiple of X/2. On the other hand, if 

P'S, - P'S , = X, 2 X, 3 X,. . . 

the two waves will arrive at P' in the same phase and will reinforce 
each other. At P, which is equidistant from Si and S 2 , the waves 
will reinforce each other no matter what the wave length or what the 
distance D. We therefore conclude that we should observe a bright 
line at P, and alternate dark and bright lines or “fringes” on either 
side of P. From the geometry of Fig. 493 (6) it can readily be proved 
that P'Si - P'Si = y ( d/D ) where y is the distance from P' to P. 
Combining this with the condition for the two waves reinforcing 
each other we conclude that the bright fringes will occur for such 
values of y as satisfy the equation 

d . D 

2 j = nX, or y=jn\ ( 1 ) 

The distance between consecutive bright fringes will be in general 

y n - y n - 1 = ~^X(n - n+ 1) = ^X (2) 

which is independent of n, i.e., the fringes will be equally spaced, 
but the spacing will be closer for short (blue) than for long (red) 
wave lengths. All of these conclusions are confirmed by experiment, 
and by determining D, d, y, and n we can compute the wave length 
of the light from equation 1. If the waves from Si were always a 
certain amount ahead or behind (as to phase) those from S 2 , fringes 
of the same width would be observed but they would not be centered 
about P. But it should be emphasized that if Si and S 2 are illumi¬ 
nated by two different sources, for example two sodium flames, no 
interference fringes will be observed, for the waves leaving Si and S 2 
have a phase difference which is rapidly and continually changing. 

458. Modifications of the Young Experiment. Several modifica¬ 
tions of the two-slit interference experiment have been devised which 
are in some ways easier to perform, though the theory is exactly 
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the same. The Fresnel biprism (Fig. 494) provides two virtual slit 
sources, the waves from which interfere in accordance with the above 
theory, by passing the light from a single slit through two prisms of 

small angle placed back to 

Intensity curve | bacJ - ag 

Si and Sz are the two virtual 
slits, separated by the dis¬ 
tance d, and the conditions 
of interference are given by 
the equation previously de¬ 
veloped, though it must be 
kept in mind that the distance d will now be different for different 
wave lengths, since the deviation by the prisms will depend on its 
index of refraction and there- 



Fig. 494. — Fresnel Biprism 




fore be greater for the short 
waves than for the long. A 
photograph of a biprism inter¬ 
ference pattern is reproduced 
in Fig. 495. 

With the single mirror ar¬ 
rangement of Lloyd, shown in 
Fig. 496, the real slit is one 
source and its image in the 
mirror the other, and in this 
case d will be twice the distance 
of the real slit from the plane of 
the mirror, and the same for all Fig 495> . 
wave lengths. 

459. The Grating. Some very 

important interference effects are produced when light is allowed to 
pass through a large number of equal and equidistant parallel slits, 

such as may be made by 
1 Interference cutting parallel lines with 
on a dividing engine through 
the coating of an exposed 
and developed photo¬ 
graphic plate, or by 
stretching wires in the 
threads of two parallel screws. Such an arrangement is called a 
grating, and is generally used in conjunction with two lenses as in 


- Interference Pattern with 
Fresnel Biprism 





jit. 

^ Mirror 

_i ^ 

Screen 

r 

jj 



Fig. 496. — Lloyd’s Mirror 
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Fig. 497 (a). Here light from the source passes through the slit S 
which is at the principal focus of the achromatic lens Li from which 
plane waves pass to the grating, and thence to a second lens L 2 . 
What happens can be understood from Fig. 497 (6) which is a section 
of the grating, second lens, and screen. If, as in this case, the plane 
of the grating is parallel to the oncoming plane waves, light will 
reach all the slits of the grating in the same phase, and if the slits 
are narrow (i.e., only a few wave lengths wide) it will be diffracted 
through quite a wide angle in passing through each slit. The effects 



produced by the grating are caused by the interference of these 
diffracted beams, and we can find the condition for constructive in¬ 
terference, which will locate the positions of maxima of resultant 
intensity, by a very slight extension of the theory of interference 
with two slits. To do this we must recall that the action of the lens 
is such that any set of waves which are in the same phase all over a 
plane and are traveling in the direction of the normal to this plane, 
which makes any angle 6 with the principal axis of the lens, will be 
brought to focus at a point, P, in the principal focal plane of the 
lens where it intersects a line through the optical center (0) of the 
lens and parallel to the direction of propagation. It is clear from 
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Fig. 497 (6) that the waves from the first and second slits will be in 
the same phase on the plane through AB if the difference in path 
from the two slits to AB is one wave length; that- is, if 

A = d sin 6 = X 

(d, the distance between centers of adjacent openings, is called the 
grating space). But if this is the case, it follows that in this direction 
0 the waves from all the slits will be in phase on AB , for the successive 
path differences will be X, 2 X, 3 X, etc. 

But there will also be constructive interference, i.e. reinforcement, 
in the directions 02 , d 3} etc. ; if 

sin <9 2 = 2^ 
sin 0 3 = 3 g , etc. 

Thus if only one wave length is entering the slit of the instrument 
there will appear a series of images of the slit in the directions 6 h 0 2 , 0 8 , 

etc. which are called re¬ 
spectively the first, second, 
and third order images. 
A similar set of images, 
Fig. 497 (a), will appear 
on the opposite side of Pi 
which is on the axis of the 
instrument through the 
optical center of L 2 . Since 
P i is symmetrically lo¬ 
cated, sin 6 and therefore 
A is zero for it, and there- 

Pig. 498. — The Sharpness'of The Lines Increases as fore a11 WEVe len S ths wiU 
the Number of Slits (or Rulings) is Increased, the Constructively interfere at 
Grating Space d Remaining Constant. this point. If white light 

. Thi ! diagram does not show the Creased inten- enters the slit a & white 
sity of the lines which results from increasing the . , , 

number of slits. image, called the central 

image will be formed at Pi. 
It is evident that the positions of the first, second, and higher order 
images for a given wave length will be the same whether the grating 
contains two or many slits, since the angles 0i, 0 2 , etc. depend only 
upon the grating space d, but the images formed with only a few slits 
are broad and hazy while with many slits they are sharp and narrow 
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and separated by regions of practically zero intensity as shown in 
pig. 498. This is a most important difference, for the ability of a 
grating to separate the various wave lengths which may be emitted 
by any source of light and show us exactly what wave lengths are 
present, will evidently be greater the sharper the images which are 
formed by each wave length. The ability of a grating to separate 
nearly equal wave lengths is called its resolving power, and it increases 
with the total number of slits or elements in the grating. If two 
different wave lengths X and enter the slit S their monochromatic 
images will appear at certain angles determined by 

■a _ ^ 

Sm “ J (n is the order of 

nX' the image) 

sm </'„ = ■ 6 ' 

It is evident that (0„ — 6'„), for two given wave lengths X and X' will 
be greater as the order (n) increases, and also greater for smaller 
values of d, the grating space. This angular separation in the same 
order of the centers of two monochromatic images of nearly equal 
wave length measures what is called the dispersive power of a grat¬ 
ing, and it does not depend upon the total number of elements in a 
grating, but only upon the grating space. Thus a grating with a 
very few closely spaced elements would have a high dispersive power 
but poor resolving power. 

460. Reflection Gratings. While the first gratings, made by 
Fraunhofer (1787-1826), consisted of uniformly spaced wires giving 
alternate transparent and opaque strips, this is not the present 
method of construction except for relatively coarse gratings for use 
with long infrared waves. The usual procedure is to rule very fine 
and close lines on a polished metal plate by a machine which draws 
a diamond edge lightly across the surface, the plate being auto¬ 
matically moved a regular amount between the strokes of the cutting 
tool. The scratched line scatters the light through a wide angle and 
interference occurs in the manner we have discussed. For very short 
ultraviolet wave lengths glass has a high reflecting power so that 
reflection gratings ruled on clear glass are effective in this region. 
The most important requirement for all gratings Is uniformity in 
spacing of the rulings. This demands a very special construction 
of the ruling machine, in particular of the screw which moves the 
plate between rulings, and its use only under constant temperature 
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conditions. Rowland (1848-1901) greatly improved the methods 
of ruling gratings and also invented the concave reflecting grating 
in which the rulings are made on the polished surface of a concave 
spherical mirror. Such a grating forms its own monochromatic 
images without the use of lenses and it has been of tremendous 
sendee in analyzing spectra, since it eliminates the chromatic aber¬ 
ration and absorption of the lenses. Since fine gratings can be made 
at only a few places in the world and are therefore quite costly, 
replicas are sometimes used, made by coating the ruled surface of an 
original grating with a layer of collodion which after hardening is 
stripped off and mounted between two flat glass plates. Though 
the usual gratings have from JfiO to 1200 rulings per millimeter , 
the minute ridges are copied on the surface of the collodion and 
diffract the light in the w r ay that has been described. 

461. Measurement of Wave Length. Gratings furnished the first 
method of accurately measuring the wave length of light. To 
do this it is necessary to measure 6 n , to note the order of the spec¬ 
trum n, which is easily done by counting orders from the central 
maximum, and to measure d. The latter can be done -with an 
accurate measuring screw moving a microscope which can be focused 
on the rulings, so that one can count the number of rulings in a 
measured distance. These numbers substituted in the equation 
X = (d sin 0 n ) /n give the wave length in terms of the unit used to 
express d. 

462. Colors of Thin Films. Thin transparent films, for example 
oil on water or a soap bubble, show colored streaks or patches 



Fig. 499. — Interference of Light Re¬ 
flected from Front and Back of a 
Thin Film 


which can be explained by the prin¬ 
ciples of wave interference which we 
have just been using. Let AB (Fig. 
499) be a section of soap film and S 
a broad source giving nearly mono¬ 
chromatic light, such as a Bunsen 
burner fed with salt which gives the 
yellow light characteristic of sodi um 
In any fixed position the eye will re¬ 
ceive light from all points of the 
source reflected by the film; that is, 
it will see the image of the source in 
the film. But if the eye is focused 


on the film the latter will appear crossed by dark bands. What is 
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the cause of these bands? The light which reaches the eye from any 
point P of the film comes partly by reflection at the upper surface 
and partly by reflection at the lower surface, as shown in Fig. 499, 
and it is evident that these two waves, coming from the same point 
S of the source, travel over different 
paths before they reach P', the 
image of P on the retina. Hence 
their resultant effect at P' will de¬ 
pend on the phase difference due to 
this path difference. If the phase 
difference is any odd multiple of X/2 
there will be destructive interference 
and P will appear dark — if it is an 
integral number of wave lengths P 
will appear bright. The path dif¬ 
ference will evidently be greater 
where the film is thicker, hence the 
bright and dark patches observed, 
corresponding to variations in thick¬ 
ness of the film. If white light is 
used only certain wave lengths will 
destructively interfere at each point, hence the resultant color will vary 
from point to point. It might be expected that extremely thin 
films whose thickness was a small fraction of any visible wave length 
would appear bright, since the path difference would be too small to 
produce destructive interference, but on the contrary they appear 
black — that is, destructive interference is quite complete. This 
may be shown by mounting a flat soap film with its plane vertical 
so that the liquid will gradually flow from the upper to the lower part. 
Interference colors will be seen by reflection (Fig. 500) when the film 
is thick, but when it becomes very thin, just before it breaks, it will 
appear black by reflection. This fact, as well as others, indicates 
that a phase difference of 180° between the two reflected beams is 
introduced by the process of reflection, and this is confirmed by other 
experiments. This phase difference must of course be taken into 
account in any exact consideration of the problem. 

463. Newton’s Rings. Instead of using a thin film of liquid (or 
solid such as glass), a film of air may be formed between the surfaces 
of two solids, as for example a lens resting on a flat piece of glass 
(Fig. 501). If the two surfaces are clean and geometrically perfect, 



Fig. 500. — Light and Dark Fringes 
Produced by Reflection from a 
Soap Film 
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i.e., plane and spherical, the lines of equal film thickness will be 
circles around the point of contact, and hence the bright and dark 
bands will be rings as shown in Fig. 502. These interference fringes 
were studied by Newton, who attempted, without much success, to 
account for them on the corpuscular hypothesis. Here again if the 
air film is made extremely thin, destructive interference occurs be¬ 
cause of the 180° phase difference introduced by reflection. If R j s 
the radius of the spherical surface, X the wave length used, and the 
fringes are observed at an angle 6 with the normal to the plane sur- 


p' 



ton’s Rings 

face, the radii of successive bright fringes, measured from the point of 
contact of the surfaces, are given by the equation r = VRXn/2 cos 6 
where n — 1, 3, 5, etc. 

464. Applications of Film Interference. The interference fringes 
just described are very useful in the preparation of very flat surfaces 
of glass or metal. If a“ small piece of ordinary window glass and a 
piece of very flat glass are cleaned, rested one upon the other and 
examined by reflection with sodium light as in Fig. 501, very irregu¬ 
lar fringes will be seen, some of them in the form of closed curves. 
These curved fringes are similar in appearance to the contour lines 
on a topographic map, and they indicate the variations in thickness 
of the air film between' the plates. If the light is incident at the 
same angle at all points then each fringe follows a line of constant 
film thickness; the closed curves therefore surrounding either high 
or low spots on the window glass. By careful polishing these 
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irregularities can be removed, and when both surfaces are flat 
the fringes will be quite straight since the air film must be wedge- 
shaped and the lines of equal thickness straight. Carefully pre¬ 
pared surfaces which nowhere depart from a true plane by more 
than perhaps a twentieth of the wave length of sodium light (0.00003 
nun.) are called “optical flats.” If such a “flat” is placed on a 
polished metal or glass surface the irregularities of such a surface 
can be detected and corrected in the way just described. 

465. Measurement of Wave Length by Interference. Figure 503 
is a schematic diagram of an arrangement by which interference 
might be used to measure lengths. Here the light from the sodium 
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Fig. 503. — Schematic Diagram of Interferometer for Measuring Wave Length 


flame, rendered parallel by the lens L h is partly reflected by the glass 
plate Pi having accurately plane and parallel faces, and passes thence 
to the plates P 2 and P 3 which have faces accurately plane but not 
parallel. These plates are adjusted so that the lower face Pi of P 2 
and the upper face P 2 of P 3 are parallel to the oncoming plane waves. 
These waves will be partly reflected from Pi and also from P 2 , and 
after passage through the plate Pi will be focused at S'. But it is 
evident th^-t the waves reflected from P 2 , as compared to those 
reflected from F h will have traveled farther by twice the distance 
between Fi and P 2 , and the phase difference between them will be 
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determined by the path difference and the change in phase on 
reflection. If the phase difference is any integral number of wave 
lengths, there will be constructive interference — i.e., S' will be 
bright. If now F 2 is moved back, keeping it always parallel to F 1: by 
the screw motion indicated, when F a has been moved a distance X/4, 
S' will be dark; when a distance X/ 2 , S' will be bright again. That 
is, for every shift of F» by X/ 2 , S' will pass from bright through dark to 
bright again, and by counting the number of such changes occurring 
while the screw is given a certain number of turns we can determine 
the length of the wave in terms of the pitch of the screw. Or there 
might be a microscope attached to Pz and focused on the graduations 
of a standard meter bar so that we could directly determine the 
motion of Ps in centimeters, and by counting the accompanying 
alternations at S' we could directly measure the wave length of the 
light. If N alternations were produced by a motion of D cm., then 

r w = D or = ^ (in cm.) 

Sodium light would not be the best to use in this measurement, for 
it consists of two wave lengths, one being about 1.001 times the 
other, so that when 2 D equaled 500 of the longer waves, it would 
equal 500.5 of the shorter, and the maxima and minima at S' due to 
the two wave lengths would be just “out of step” and obscure each 
other so that for a time they could not be counted. 

The method just described is in principle that devised by Michelson 
and used by him, with a more accurate and complicated apparatus, 
to measure the wave lengths of light from cadmium vapor in an 
electric discharge.* The results of Michelson, and others using the 
same method, give for the red line of cadmium: 

X = 6438.4696 X 1CM cm. 

= 6438.4696 angstrom units 

The startling number of significant figures given in this result is of 
interest as showing the extreme accuracy with which such inter¬ 
ference measurements can be carried out. The value just given is 
the standard for all wave lengths; others being determined by com¬ 
parison with it, by the use either of a grating or an interference 
device. An instrument using interference in the measurement of 
lengths is called an interferometer. 

* A complete description of the apparatus and method used by Michelson is 
given in his book Light Waves and Their Uses, University of Chicago Press (1903). 
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466. We have several times remarked that light behaved as a 
transverse wave, i.e., that the periodic disturbance which constitutes 
the waves is to be considered as an electric (and magnetic) force whose 
direction is at right angles to the direction of propagation of the 
wave. But while we have shown in some detail that the phenomena 
of diffraction and interference can be satisfactorily accounted for on 
the basis of a wave motion, it has not been necessary so far to give 
particular consideration to the idea that the 'waves were transverse. 
We shall now consider some phenomena which justify this assump¬ 
tion. The simplest of these was discovered by Malus in 1810. 
Happening to examine sunlight reflected from the windows of the 
Luxembourg Palace in Paris, 
he discovered that after re¬ 
flection the light had different 
characteristics than before, 
its properties being no longer 
symmetric around the direc¬ 
tion of propagation. Malus’ 
observations can be conven¬ 
iently repeated with the ap¬ 
paratus shown in Fig. 504 
wherein light from a source 

S is rendered parallel by the \ A 

r j, partially reflected from Fig. 504. — Polarization of Light by Reflection 
a polished plate of black glass 

Pi, and reflected from a second similar plate P>. P> should be ar¬ 
ranged so that it can be rotated around the axis A A which is parallel to 
the line of propagation of the light as it approaches P 2 , thus keeping 
the angle of incidence i« constant during the rotation. It will be found 
that with Pi in the position shown in the diagram light from Pi will 
be copiously reflected, while if P 3 is rotated 90°, so that it should 
reflect light out of the paper, little or no light will be reflected. Evi¬ 
dently the light after leaving Pi is not symmetrical around its line 
of propagation. It can be easily established by rotating Pi around 
the axis SB that the incident light is symmetrical, for Pi will reflect 
equally in all positions. 

Now this lack of symmetry of a light beam could be correlated 
with a corpuscular hypothesis, as indeed was first done, by assuming 
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that the light corpuscles were shaped like disks or rods, and that 
after reflection from Pi all the disks were arranged with their planes 
parallel to the plane of the diagram — or all the rods perpendicular 
to this plane and to A A. Such a stream of oriented disks or rods 
would be expected to reflect differently according to the position of 
P 2 around the axis AA. But since the wave hypothesis has been 
found better than the corpuscular, we interpret Malus’ experiment 
as showing that the wave disturbance must at least have a transverse 
component perpendicular to the line of propagation. And since with 
just the right value of ii and it is found that practically no light 
is reflected when P 2 is rotated 90° from the position of Fig. 504 we 
conclude that it is entirely transverse, i.e., there is no longitudinal 
component whatever in the light waves. For a longitudinal com¬ 
ponent would bear the same relation to P 2 at all positions of the 
latter around A A, and reflection would not completely vanish at any 
position. Other considerations lead to the same conclusion. 

The light from Pi (ii having just the right value, called the “po¬ 
larizing angle” if) is said to be linearly or plane polarized, and con¬ 
siderations which we cannot go into lead to the conclusion that the 
electric forces of such a plane polarized wave are perpendicular to 

. the plane of the figure, i.e., to the 
f plane of incidence on the plate pro- 
vibrations normal to \ / dudnq the state of polarization. Any 

plane of incidence “t p \ /Vt/ ^ 

device such as the plate P x used to 
vibrations parallel to \ yyf x produce a plane polarized wave is 

plane cf incidence i p \ y^/ . 

V^ Light which enters called a polarizer. The process of 
(&) glass is absorbed polarization by reflection is best 

// thought of as a selection. The light 

Black- glass . incident on Pi having vibrations 

equally distributed m all directions 
in the wave front, each linear vibration can be resolved (see Sect. 18) 
into one component in the plane of incidence and one perpendicular 
to it, and experiment shows that the former is not reflected at 
all but passes into Pi and is absorbed, while the latter is partially 
reflected. The behavior of these two components is shown in 
Fig. 505. Of course the same considerations hold for P 2 — that is, 
with light incident at the polarizing angle (f 2 ) it reflects only that 
component of the light which is vibrating perpendicular to the plane 
of incidence on P 2 . Thus if we knew nothing about the state of 
polarization of the light incident on P 2 , but found that by rotating it 


,V\JLiight which enters 
\ glass is absorbed 


\y^- Black - glass 

Fig. 505. — Reflection of Polarized Light 



DOUBLE REFRACTION 


517 


around the direction of the incident beam a position could be found 
at which no light was reflected , we could conclude that the incident 
beam was plane polarized and could locate its plane of vibration. 
Any device such as P 2 used to locate the plane of vibration of plane 
polarized light is called an analyzer. 

467. Pile of Plates. Since the reflecting power of a single glass 
surface is not high (about 5 per cent) even for the reflected com¬ 
ponent, a pile of clear glass plates is sometimes substituted for the 
single plate of black glass. Since selective reflection of the one com¬ 
ponent occurs at each surface a 
greater total intensity of linearly 
polarized light can be obtained 
in this way. 

468. Double Refraction. After 
Malus’ discovery and its inter¬ 
pretation, the same ideas were 
applied to interpret the double 
refraction (Fig. 506) of certain 
crystals, which had long been 
known. If the eye looks 
through a crystal of Iceland spar at a single dot on a sheet of paper 
(Fig. 507), two dots will be seen, both appearing to be above the 



Fig. 506. — Double Refraction by Crys- 
( tal of Iceland Spar 



Fig. 507. — Two Images Seen 
Through Iceland Spar 



and Extraordinary Waves 


paper. If the crystal is rotated on the paper, one image rotates 
while the other remains stationary; in fact the latter image be¬ 
haves exactly as the one image seen through a thick plate of glass 
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or a vessel of water (see Sect. 418) and it is therefore called the 
ordinary image, while the wave appearing to come from it is the 
ordinary wave and that from the other image is the extraordinary 
wave. If one observes by reflection on a clear glass plate at the 

polarizing angle, as in Fig. 508, new characteristics can be found_ 

for if the crystal is again rotated two pairs of positions can be found 
90° apart, such that in one position only the ordinary image is seen 
in the other position only the extraordinary. Thus by using a plate 
as an analyzer we can conclude that the ordinary and extraordinary 
waves emerging from the crystal are both plane polarized, but with 
their vibrations at right angles to each other. 

If we should cut a series of plates out of Iceland spar, with their 
parallel faces oriented in all possible ways with respect to the original 
crystal rhomb, and examine them in the way just described, we should 
find in general an ordinary and extraordinary wave, plane polarized 
with their vibrations at right angles to each other, but there would 
be two plates through which only one image would be seen, and the 
wave from it would be unpolarized. And further if we should meas¬ 
ure the velocity of light normally through these plates, we should 
find for the ordinary wave the same velocity (7 0 ) through all the 

plates — i.e., the same velocity in all direc¬ 
tions in the original crystal and for the 
extraordinary wave a velocity (F e ) different 
in different directions and in general 
greater than that of the ordinary wave; 
but for one direction of propagation in the 
crystal, the extraordinary wave 'would have 
the same velocity as the ordinary. That 
direction in the crystal in which there is 
only one wave propagated is called the optic axis, and a crystal having 
only one such direction is called a uniaxial crystal. It must be em¬ 
phasized that the optic axis is a direction and not a fixed and definite 
line, in the crystal. In Iceland spar the optic axis is located as 
shown in Fig. 509 with respect to the natural faces of the crystal. 
(See also Fig. 128.) In all other directions two plane waves will be 
propagated with different velocities, one (the ordinary) having its 
electric vibration perpendicular to the plane containing the direction 
and the optic axis, and the other (extraordinary) having its electric 
vibration in this plane and perpendicular to the direction of propa¬ 
gation, as shown in Fig. 510. Thus a light wave entering a crystal 



Axis ( ag) in Iceland Spar 
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in any direction other than that of the optic axis will be split into two, 
unless it is already plane polarized with its electric vibration in such 
a direction that it contains only the ordinary or the extraordinary 

component. 

While we do not yet understand in full detail the reasons for all 
the peculiar optical properties of crystals, there is no doubt that 
double refraction is due to 
the unsymmetrical arrange¬ 
ment of the atoms in the 
crystal structure. Crystals 
in which the atoms are lo¬ 
cated at the corners of a 
series of cubical cells, as in 
rock salt, Fig. 127 ( d ), show no double refraction. On the other hand 
the arrangement in Iceland spar (see Fig. 128) and quartz is so unsym- 
metric that it is not surprising that the optical properties are different 
for different directions of propagation of the light. Other physical 
properties of such crystals, for example their conductivity for heat 
and their elasticity, are also different in different directions. 

While for Iceland spar V e is equal to or greater than V 0 , there is 
another type of uniaxial crystal, of which quartz is the commonest 
example, for which V e is equal to or less than F 0 . For the first class 
the maximum value of F c is found for a wave moving in any direction 
normal to the optic axis, while for the second class the same wave 
would have the minimum value of V e . It is usual to express the 
optical characteristics of crystals in terms of indices of refraction and 
to quote values of 

c , _ c 

>7 and tie (\r \ 
v ( \ y e)n 

where (V e ) m means the maximum or minimum values just referred to. 
Both no and n e vary with the wave length, as the following table 

shows. 

Iceland Spar 
X n e 

2000 A 1.903 1.576 

4100 A 1.680 1.496 

5080 A 1.665 1.4896 

6560 A 1.654 1.484 

Another simple experiment, which demonstrates the same impor¬ 
tant fact that light waves can be unsymmetric around the direction 



Quartz 


X 

no 

no 

4100 A 

1.5565 

1.5560 

5980 A 

1.544 

1.553 

6560 A 

1.548 

1.542 



Fig. 510. — Direction of Vibration of Ordinary 
and Extraordinary Waves 
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axes 1 and 2 


of propagation, can be performed with two thin plates of crystal 
tourmaline, as shown in Fig. 511. If the corresponding edges of the 
j i two crystals are parallel, as 

Direction of Optic A.xes'f'j in (a) or (6), light which has 

passed through 1 passes 
iNSr] quite freely through 2, but 

!| ] if 2 is turned from position 

(&) to id), it becomes grad- 
ually more opaque to the 
(a) light from 1. On the other 

axes i and 2 axis i axis i hand it is easily shown that 

/ £|\ axl5 ffiBl amoun t of light trans- 
/ ;/ ./ axis — mitted by either crystal 

\/ / LHJ alone is independent of the 

/£ rotation of the crystal. 

(6) ( b ) (d) Using the terms we have 

Fig. 511. — Transmission of Light through a Pair j us t defined, We Can Say that 
of Tourmaline Crystals crystal j polarizeg ^ Kght 

which it transmits while crystal 2 serves as analyzer. 

Further study of the tourmaline shows that the optic axis of the 
crystal is parallel to the faces of the plates as we have used them, and 
that the incident light is resolved by crystal 1 into two components, 
one vibrating parallel to the optic axis and one perpendicular to it. 
One of these components is strongly absorbed by the first crystal; 
hence the emergent light is 

composed almost entirely of V- 0ptic Axis 

the other plane polarized V£LJ!!— Sect ion Para iiei 

component. | . r to optic axis 

469. The Nicol Prism. 

This is one of the most use- Bnd View side view \ Canada BaIsam 
ful polarizing and analyzing Fig. 512 . — Nicoi Prism 

devices and is constructed 


V- 

\ Optic Axis 


7 Section parallel 
^ to optic axis 


Canada Balsam 


Fig. 512. — Nicoi Prism 


of two pieces of Iceland spar cut at a particular angle and cemented 
together with Canada balsam (Fig. 512). The optic axis lies in the 
plane of the paper as indicated, and therefore a wave entering from 
the left will give rise to an ordinary wave vibrating normal to the 
paper and an extraordinary wave vibrating in the plane of the paper, 
which will be less deviated because n e is less than n 0 . The index of 
Canada balsam is less than n 0 but greater than n e , and the angles of 
the end faces and the diagonal cut are so chosen that the ordinary 
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wave is totally reflected at the Canada balsam surface and absorbed 
at the side, while the extraordinary wave passes on through and is of 
course plane polarized. By 

rotating the Nicol around its - .. 

long axis the plane of vibra- Z No 

tion of the transmitted light 
will also be rotated. The 


Set for Transmission 
(a) 


positions of a second Nicol 
which respectively transmits 
and extinguishes the light 
from the first Nicol are shown Fig . 513 . 
in Fig. 513. 


Set for Extinction 
( 6 ) 

Nicol Prisms, Parallel and Crossed 


470. Scattering of Light. When light passes through a cloud of 
fine particles, such as smoke in air or very minute sulphur particles 
in water, the waves are partly scattered in all directions. Such 
scattering is indeed observable, though in less amount, if there are 
no particles present but only the discrete molecules of a gas. In 
general the amount of scattering increases rapidly for the shorter 

wave lengths, being much 
greater for blue light than for 
red,, as may be shown by 
passing light from an arc 
through a glass vessel con¬ 
taining fine particles sus¬ 
pended in water (Fig. 514). 
The scattered light will be 
decidedly bluish; the trans¬ 
mitted, reddish in color. If 
the scattered light is ex¬ 
amined with a Nicol prism it will be found to be almost completely 
plane polarized with the vibrations, at right angles to the direction of 
propagation of the original incident light. Figure 514 (6) shows the 
light scattered in all directions in a plane perpendicular to AB, as 




Scattering-Medium : 

'f Blue 

Side View End View 

(a) (6) 

Fig. 514. — Polarization of Scattered Light 


would be observed in case the incident light were unpolarized. 
This polarization of the scattered light is quite reasonably accounted 
for if we consider that the primary beam has no longitudinal com¬ 
ponent, in the direction AB, and therefore cannot produce a 
scattered wave with a vibration in this direction. If the primary 
beam were itself polarized with vibrations only perpendicular to the 
plane of Fig. 514 (a), we should find no light at all scattered in a 
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direction normal to the plane of the diagram, for the primary vibra¬ 
tion would be longitudinal with respect to such a direction of propa¬ 
gation. Thus all the phenomena of scattering give further evidence 
that light waves contain only transverse vibrations. Figure 515 
illustrates the scattering by a particle P of a plane polarized primary 

wave traveling along a normal to the 
diagram with vibrations in the direc¬ 
tion CD. The scattered waves vi¬ 
brate in every case normal to their 
direction of propagation from P but, 
for the reasons just discussed, the 
waves scattered at right angles to CD 
have the greatest amplitude, and the 
scattered amplitude diminishes stead¬ 
ily to zero in the direction CD. 

471. Color of the Sky. The color 
of the clear sky is a wonderful ex- 
"" *”»* 0” mostly 

to gas molecules in the atmosphere. 
Figure 516 shows how an observer sees the scattered blue while 
another observer farther around the earth is seeing the unscattered 
light, giving the familiar orange colors of sunset. The very deep reds 
sometimes seen at sunset are 



what is left after a good deal of 
the blue and green portions of 
the sun’s spectrum has been 
scattered by the water droplets 
of the haze or mist through 
which the light has passed. 
Scattering also plays a part in 
determining the color of certain 
lakes and the sea. 



Fig. 516. — Scattering of Light from the Sun 


472. Rotation of Plane of Polarization. A solution of ordinary 
sugar (sucrose), or of certain other less common substances, has the 
peculiar property of rotating the plane of polarization of light trans¬ 
mitted through it. This can be demonstrated by the simple arrange¬ 
ment of apparatus shown in Fig. 517 in which the light from a source 
S, rendered parallel by a lens, passes through the polarizing Nicol N h 
then through a tube with glass ends containing sugar solution, and 
finally through the analyzing Nicol iV 2 to the eye. The analyzer is 
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arranged so that it can be rotated around the line from S to the eye, 
and should first be set for “extinction” with the solution tube 
removed, i.e., rotated to such a position that no light from the po¬ 
larizer can pass through the analyzer. If now the tube of solution is 
replaced, some light will pass the analyzer, but extinction can again 
be secured by rotating the analyzer. The obvious interpretation is 
that the light after passing through the solution is still plane polarized, 
but the plane of vibration has been turned or rotated around the 
direction of propagation. The amount of. rotation of the plane of 
vibration is proportional to the length of the solution tube, propor¬ 
tional to the concentration of the solution, and approximately pro¬ 
portional to the inverse square of the wave length of the light used. 



Polarizer Tube containing Sugar Solution Analyzer 


Fig. 517. — Rotation of Plane of Polarization by an Optically Active Solution 

The absolute amount of rotation, other things being equal, depends 
on the substance in solution — in fact, some substances rotate the 
plane in the sense of a right-handed screw, and others in the opposite 
sense. Since such solutions are in bulk entirely isotropic — that is, 
the amount of rotation does not depend at all upon the direction in 
which the light travels through the solution — the action must be 
attributed to the peculiar structure of the sugar molecule itself. 
By measuring the amount of rotation one can very quickly determine 
the amount of sugar present, and this method is extensively used in 
testing the purity of sugars. The special form of polarizing and 
analyzing instrument used for this purpose is called a saccharimeter. 
A substance which rotates the plane of vibration is called optically 
active. 

Crystal quartz (Si0 2 ) is optically active, especially for light propa¬ 
gated along the optic axis, but in this case the activity must be due 
to the spiral arrangement of the silicon and oxygen atoms in the 
crystal, since fused or “glassy” quartz is not active. Crystal quartz 
exists in both a right-handed and left-handed rotatory form. 

473. Magnetic Rotation. If two Nicols are arranged, as in Fig. 
518, so that the light between them passes through a liquid or solid 
placed in the center of a solenoid, it will be found that when an elec- 
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trie current flows through the solenoid the plane of vibration of the 
light will be rotated, more or less, by the magnetic field as was first 
observed by Faraday. While the effect can be observed with ordi¬ 
nary gases, it is much more marked with liquids and solids. The 
reasons for the rotation are too intricate to be entered into here, but 



Polarizer Tube of CS 2 Analyzer 


Fig. 518. — Magnetic Rotation of the Plane of Polarization 

the fact is of interest as further evidence of the electromagnetic 
nature of light. 

EMISSION 

474. Range of Wave Lengths. We have already described (Sect. 
457) how a prism or grating is used to analyze the radiation from any 
source, by separating the wave lengths and focusing them at different 
points. Thus we can determine in any case what wave lengths are 
present; and in this way an enormous range of wave lengths has 
been measured, varying from about 1 X 10“ s mm., the shortest X- 
rays, to .3 mm., the longest observed wave length of thermal radia¬ 
tion. Beyond this a continuous range of longer waves, up to man y 
miles in length (Sect. 379), has been produced and studied by purely 
electrical means, and these waves are known as “electrical” or 
“radio” waves. Table XXVII gives for future reference the range 
in wave length, the name, the method of production, and method of 
detection of these several portions of the complete spectrum, but it 
must be emphasized that the division into parts having different 
names is largely a matter of convenience, and that the waves through¬ 
out are fundamentally the same except as to wave length. 

Another characteristic of these waves which it is important to 
determine is the energy carried by a group of waves of very nearly the 
same length such as would pass through a slit in the focal plane of a 
spectrometer, as in Fig. 519. If the energy passing through falls on 
the blackened surface of a thermopile (see Sect. 172) or similar in¬ 
strument, the latter will be warmed and the resulting galvanometer 
deflection wifi be a measure of the rate at which radiant energy is 
passing through the slit. By moving the slit and thermopile to 
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different points in the focal plane of the instrument we can easily get 
a relative measure of the energy carried by a narrow range of wave 
lengths in various parts of the spectrum, for example by a small 
group of nearly equal waves in the red, the yellow, or the blue. If 
we determine for each position of the slit the wave length focused at 
its center, X, and the energy passing through it, E\, and plot a curve 
with these wave lengths as abscissas and the corresponding E x as 
ordinates, we get what is called an “energy distribution curve” for 
the source. Such measurements can be extended into the ultraviolet 
region beyond the violet end of the visible, and into the infrared 
where the waves are longer than the longest visible red, since all these 
waves when absorbed have their energy converted into heat energy. 



Fig. 519. — Determination of Distribution of Energy in Spectrum 


In fact it is by their heating effect that most of the infrared waves 
are detected, since they are too long to affect a photographic plate 
and too short to produce observable electrical effects, as do the still 
longer waves of radio. 

As we have already pointed out (Sect. 465) wave lengths can be 
measured absolutely, that is in centimeters, with a very high degree 
of accuracy, but the absolute measurement of radiant energy in ergs 
carried per second per square centimeter of wave front is much more 
difficult, and in general we shall be limited to relative statements 
such as that one part of a spectrum is ten times as intense as another. 
Having discussed briefly the two measurements, wave length and 
energy, in terms of which any spectrum can be specified, we can now 
summarize some of the results of such measurements. 

475. Radiation and Reflection from Solids. The usual and most 
effective way of causing solids to radiate is by raising their tempera¬ 
ture, and it is a matter of common experience not only that they 
radiate more the higher their temperature, but also that the energy 
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distribution changes since their color changes. Thus we have the 
common expressions “red hot” and, for higher temperatures, “white 
hot ” The energy distribution curve for solids is in general a smooth 
curve, as shown in Fig. 520 for 
tungsten, with no gaps and no 
sharp peaks. As the tempera¬ 
ture increases the energy emit¬ 
ted increases for all wave lengths 
but more for short wave lengths; 
hence the change in color. 

The most important generali¬ 
zation, which applies to all cases 
of radiation due to temperature, 
is Kirchhofi’s Law, which says | 
that there is a definite propor- 1 
tionality between absorption and 
emission at the same temperature 
for any wave length, so that a 
good radiator is also a good 
absorber. Thus glass or fused 
quartz are relatively transparent 
(i,e., poor absorbers) to visible 
radiation, and when heated 
they are relatively poor radiators. On the other hand iron absorbs 
much more strongly than glass or quartz, obviously, and also more 
strongly than gold, and of these four substances iron is the best 
radiator. Another example is a piece of white (i.e., good reflecting) 
china with dark (i.e., good absorbing) decorations upon it. When 
heated the dark markings are much brighter (better radiators) than 
the china itself. In these examples we have compared the absorp¬ 
tion at room temperature with the emission at high temperature, 
but this is justified if the nature and properties of the materials are 
not altered by heating. 

These examples illustrate the fact that bodies may be poor ab¬ 
sorbers (and therefore poor radiators) for two reasons: either be¬ 
cause they reflect a great deal of the incident radiation at their free 
surface, as in the case of gold, silver, copper and most other metals, 
or because they allow most of the radiation to enter the surface and 
pass through with very little absorption. With these ideas in mind 
it is quite understandable that the absorbing power, and hence the 
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Fig. 520. — Radiation from Tungsten 
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emissive power of a surface depends not only on the material but 
very much upon whether the surface is polished or rough, smooth 
surfaces reflecting better than rough ones. The reflecting power of 
polished metal surfaces varies greatly for different wave lengths and 
different metals, as is shown in Fig. 521. High reflecting power for 
any region of the spectrum is in general associated with high internal 
absorbing power for that part of the incident radiation which pene¬ 
trates the surface. Thus the color of gold is due to the fact that it 
reflects relatively more of the red end of the visible spectrum, while 
gold leaf, or films of gold on glass which are thin enough to transmit 
an appreciable amount of light, absorbs more of the red and yellow 
wave lengths and appears green by transmitted light. There is no 



Fig. 521. — Reflection Curves for Metals, Showing Variation with Wave Length 

satisfactory theory connecting the reflecting, absorbing, and emitting 
properties of metals (or other solids for that matter) with their other 
characteristics, except that for infrared waves longer than about 5 n 
the reflecting power is determined by the electrical conductivity; 
good conductors are good reflectors, as may be seen by comparing 
the conductivities given in Table XXII (Sect. 291) with the reflecting 
powers of Fig. 521. This is in general agreement with the idea of the 
electrical nature of light, since the same mechanism — that is, the 
“free” or conduction electrons in the metal which, moving in response 
to a steady electric field, produce a steady electric current — would be 
expected to move to and fro in response to the periodic electric force 
of a wave, and thus produce an alternating electric current in the 
surface of the metal. The fact that for waves shorter than 5 /z 
the conductivity does not determine the reflecting power, indicates 
that for these waves the frequency (v = c/\) is so high, that is the 
force reverses so many times per second, that the electrons cannot 
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\ Moving 
- Electron 


Metal Surface 


Fig. 522. — Reflection Due to 
Motion of Electrons 


follow it so well. But if the electrons do move to and fro under the 
action of the incident waves, and with the same period as the waves, 
such a periodically moving electric charge would be expected to start 
a wave backwards from the surface of the 
metal, i.e., a reflected wave (Fig. 522). 

Thus, though we cannot follow the process 
in detail, we can get a rough idea as to 
how reflection occurs and why a good 
conductor of electricity, having easily 
movable electrons in its structure, should 
also be a good reflector of radiation. 

476. Emission of Liquids. The tem¬ 
perature emission of liquids such as molten 
metals or salts is similar to that of the 
same material in the solid state, and need 
not be especially considered. 

477. Emission of Gases and Vapors. Gases or vapors can be 
made to emit radiation either by raising them to a high tempera¬ 
ture or by passing an electric discharge through them, the latter 
being the simpler and more common method. Figure 523 (a) shows 

a form of discharge tube 
which may be used to 
excite any of the common 
gases, by connecting the 
two terminals, which are 
sealed in the glass and 
connected to the two in¬ 
ternal electrodes , to the 
terminals of an induction 
coil (see Sect. 329) or a 
transformer giving one to 
two thousand volts alter¬ 
nating potential (Sect. 
331). The tube should 
first be exhausted and 
then filled, to a pressure 
of from .5 to 1 mm. of mercury, with the gas whose spectrum is 
desired. Examined visually with a prism or grating spectroscope 
the spectrum would show a number of bright lines separated by 
regions of practically no light at all. Such a spectrum is called a 



Induction 


Fig. 523 

(a) Low Pressure Gas Discharge Tube 

(b) Spark Discharge 
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discontinuous or line spectrum. The spectrum of a metal vapor, 
which ma y be obtained from a spark or an arc between two pieces of 
the metal in air on in vacuum, Fig. 523 (6), is also a line spectrum, 
entirely different from the temperature emission of the same metal 
when heated as a solid. We shall consider separately the spectra of 
the atoms of the elements (see Sect. 121) and of molecules. 

478. Atomic Spectra. The study of spectra has only been carried 
on for about a hundred years, but in the course of this work it soon 
became apparent that each element emitted its own peculiar and 
characteristic spectrum, which as it turns out is not limited to the 
visible region but extends into the ultraviolet and infrared. Several 
such spectra, as recorded by a spectrograph, are shown in Fig. 524 and 
Fig. 415 (b) and (c). The establishment of this fundamental fact 
at once opened up the possibility of spectroscopic analysis of unknown 
mixtures of elements, by comparing the spectrum of the mixture with 
the spectra of the elements. This method of analysis has become of 
increasing importance in recent years. By the same methods several 
new elements have been discovered through the occurrence of lines 
which did not belong to the spectra of any known element, and it 
has also been shown that all stars and nebulae are composed of the 
same elements found on the earth. 

The elements of lower atomic 'weight, have in general simpler spec¬ 
tra, that is containing fewer lines, and hydrogen has the simplest of 
all, Fig. 524 (a). The simplicity of the hydrogen spectrum, and the 
fact that the lines get regularly closer together toward the short-wave 
end of the spectrum, approaching what is called the series limit, led 
to attempts to find a simple numerical relationship between the 
wave lengths of the various lines. In this Balmer was successful. 
If in the equation 

\ = 109677.76 — 

a \n 2 m 1 

n is given the value 2 and m successively the values 3, 4, 5 . one 

obtains a series of numerical equations 

109677.76( 

^ = 109677.76 - 

and the values of Xi, X 2 , etc., obtained from these are very closely 
the wave lengths of the hydrogen lines in the visible and ultraviolet 
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part of the spectrum. The series limit (3645.6) is given by the same 
formula when m is given the value infinity. The hydrogen lines we 
have been discussing form what is called the Bahner series , some of the 
lines of which are shown in Fig. 524. All the remaining lines in the 
hydrogen spectrum can be grouped into several other series, the wave 
lengths of each group being given by the same formula used above, 
except that for one series, the Lyman series, we must put n = 1 and 
m = 2, 3, 4, 5 . . ., for another, the Paschen series, n = 3, m = 4, 5, 6 
. . . and so on, there being four series observed in the hydrogen 
spectrum. The first line of the Balmer series is not shown in Fig. 
524 (a) because it lies too far in the red. The Lyman series does not 
appear because it it too far in the ultraviolet, nor the Paschen series 
because it is altogether in the infrared and the lines near the series 
limit do not appear because of their faintness. It has been found in 
the spectra of all the elements that sequences of lines can be found 
whose wave lengths are related by simple numerical equations, and 
each such group of lines is called a spectral series. This series 
relationship is the basis of modern theories of atomic structure, and 
will be discussed from this point of view in Sect. 503. In complex 
spectra, having many lines, such as that shown in Fig. 524 (6), it is not 
such a simple matter to pick out the lines of any one series, since they 
are interspersed with numerous others. But it is found that the 
lines of any one series are similar in appearance, being all sharp, or 
all fuzzy at the edges as the case may be, and such considera¬ 
tions have helped in picking out the series lines in complicated 
spectra. 

479. Emission by Molecules. Molecules may be formed either by 
the joining together of like atoms of a single element, as for example 
H 2 , N 2 , or by the combination of different atoms to form a compound 
such as H 2 0 or HC1. In any case the spectrum of a molecule is not 
the superposition of the spectra of its atoms, but has characteristics 
of its own. It may be pointed out that in looking for the spectrum of 
a compound care must be taken that the method of excitation — i.e., 
arc, spark, flame or what not — does not dissociate the atoms, in 
which case merely the atomic spectra would be observed. A com¬ 
mon example of such dissociation is furnished by the ordinary 
“sodium flame 77 : we feed common salt (NaCl) into the flame of a 
Bunsen burner, but the yellow light emitted comes from dissociated 
sodium atoms. We cannot go into the details of molecular spectra, 
but only point out one general characteristic, namely the existence 
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of groups of lines arranged in a systematic way as shown in Fig. 524 (c) 
and (d) which give the spectrum a fluted appearance. Such groups 
of lines are called bands, and we shall refer to them again in a brief 
discussion of molecular structure. 

480. Sources of Light. The commonest artificial source of light is 
the incandescent lamp, which makes use of the temperature emis¬ 
sion of a tungsten filament. A careful measurement of the curves of 
Fig. 520 would show that with increasing temperature the visible 
radiation not only increases in amount but becomes a larger fraction 
of the whole radiation. Hence since we pay for all the radiation, it 
is important to operate the lamp at as high a temperature as possible. 
The ultimate limit would be set by the melting point of the filament, 
but a lower practical limit is set by the evaporation of the tungsten 
and consequent blackening of the bulb. Modern bulbs are filled 
with argon or other inert gas to retard this evaporation, and operate 
at about 3000° C. The first incandescent lamps used carbon filar 
ments, but their operating temperature, also set by the rate of 
evaporation of the carbon, was only about 2100° C. Carbon lamps 
required about 3.5 watts to produce one candle power, while the gas- 
filled tungsten lamps require only .5 watt per candle, and also have 
a color more nearly that of sunlight. The carbon arc derives most of 
its luminosity from the hot end or crater of the positive carbon, which 
is at about 3600° C. This luminosity can be very considerably in¬ 
creased by filling the center of the carbons with a mixture of com¬ 
pounds of various metals which are evaporated by the heat of the arc 
and help to carry the current from one carbon to the other along the 
curved path, which is the “arc” proper. These vapors, being dis¬ 
sociated and excited by the very high temperature of the arc and by 
electronic bombardment, emit the line spectra of the elements 
present, which are added to the continuous spectrum of the positive 
crater. An electric discharge through gases or vapors produces a 
discontinuous spectrum having relatively much less infrared radia¬ 
tion than is present in the spectrum of a hot solid, but unfortunately 
no satisfactory means has been devised of obtaining in this way a 
light which is effectively white. A discharge through mercury vapor 
is used in certain special cases either when the color of the light is of 
secondary importance, or when, as with the quartz mercury arc, a 
large amount of ultraviolet light is desired. The striking orange 
color of a discharge through neon is frequently used in signs. The 
white flames of burning kerosene or acetylene owe their luminosity 
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to the high temperature of fine carbon particles in the flame, which 
are formed in the process of combustion. 

★481. Emission of X-Rays. The usual methods of producing X- 
rays by the bombardment of solids by fast-moving electrons have 
already been discussed in Sect. 362. The beam from the target 
of an X-ray tube can be analyzed into its constituent wave lengths by 
the use of a grating, in much the same way that light can be analyzed 
by a grating spectrometer, and the wave length of an X-ray emission 
line can be determined from a knowledge of the grating space, the 
order of the spectrum, and the angles of incidence and diffraction, as 
discussed in Sect. 459. The more usual procedure however is to 
reflect the X-rays from a crystal, usually of calcite, in which case the 
regularly spaced atomic planes of the crystal (see Chapter VI) may 
be considered as the partially reflecting boundaries of a series of thin 
films of uniform and equal thickness such as were discussed under 
interference of light in Sect. 462. Since the index of refraction of 
matter for X-rays is very nearly unity, there is negligible bending of 

the rays on entering and leaving the 
crystal, and so the ray SA in Fig. 525 
is represented as penetrating without 
deviation but as being partially re¬ 
flected at each atomic plane. 

The reflecting power of each plane 
is not large, however; hence to get 
observable effects there must be con¬ 
structive interference between the 
waves reflected from successive planes. 
Considering a ray reflected at A from the first atomic layer, and at B 
from the second layer, and drawing a perpendicular from B to AD, 
it is evident that if the two rays are to be in phase at B and C, the 
path difference AB-AC must be equal to nX, where n is any integer 
and X is the wave length of the X-rays. From the geometry of the 
figure, it may be shown that this condition is expressed by the 
equation 

2 d sin 6 — n\ 

If the incident X-rays contain a range of wave lengths only those 
satisfying the above condition will be noticeably reflected at the angle 
6. Hence in order to analyze a composite beam the crystal must be 
set at a succession of values of 0, or moved continuously back and 



Fig. 525. — Reflection of X-Rays from 
Atomic Planes of Crystal, Condition 
for Constructive Interference: Bragg 
Law 
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forth through a range of angles, the reflected rays appearing at angles 
of reflection equal in each case to the angle of incidence. The re¬ 
flected X-rays can be detected either by their action on a photographic 


film, or by their ionizing effect 
(see Sect. 365). Because of 
the penetrating power of X- 
rays they cannot be “focused” 
by lenses or mirrors, but a 
somewhat similar effect can be 
secured by placing the slit S 



Slits /" 


and the photographic film on a 
circle whose center lies in the 
reflecting plane of the crystal, 
as indicated in Fig. 526. In 



Photographic 

Plate 


Fig. 526. — Diagram of Crystal X-Ray 
Spectrograph 


general a narrow and nearly 

parallel beam is obtained by limiting the beam by two or more nar¬ 
row slits with lead jaws, lead being the strongest absorber of X-rays. 



0.312A 0.387A 0.531A Angle of Reflection 

X from Crystal 

Fig. 527. — X-Ray Emission Spectrum of Rho¬ 


dium (Having Ruthenium as an Impurity) 


The spectrum which results 
when the X-rays from a rho¬ 
dium target are analyzed in 
the manner just described is 
shown in Fig. 527 in which 
the various curves correspond 
to different energies eV of the 
bombarding electrons as indi¬ 
cated. Evidently there is a 
relatively weak continuous 
spectrum on which are super¬ 
posed strong lines, the most 
important of which are due 
to the main constituent of 
the target, rhodium, others 
to an impurity, ruthenium. 
The Greek letters are the 
names given to the corre¬ 
sponding lines of the X-ray 
spectra of all the elements. 
As the bombarding energy in¬ 


creases, the limit of the continuous spectrum shifts toward the shorter 
wave lengths, and from measurements of the limiting wave lengths, 
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knowing the corresponding bombarding energy, it is found in every 
case that the quantum equation hv = eV is very closely satisfied. 
In this equation v is the frequency of the shortest wave length pro¬ 
duced, and the equation means that the shortest wave length which 
can be obtained is one whose quantum is equal to the entire kinetic 
energy of one impinging electron. The prediction of this relation¬ 
ship was one of the early triumphs of the quantum theory. Another 
striking fact illustrated by the curves of Fig. 527 is the difference in 
the behavior of the lines and the continuous spectrum, as regards 
intensity. While the latter increases slowly and steadily with in¬ 
creasing electron energy, the lines do not appear at all (curve a) 
until a certain energy eV k is available, after which all of this group 
of lines appear simultaneously and with considerable intensity. 
Other observations show that the K series lines appear if the electron 
energy is at all above that of curve (a), so that the threshold voltage 
is Vk = 23.2 kilo-volts. As will be discussed later X-ray lines are dis¬ 
tinctively characteristic of the atoms in the target, and their sudden 
appearance as a group is an important fact which has been used in 
developing the theory of atomic structure. The continuous spec¬ 
trum is attributed to electrons which are stopped without disturbing 
the internal arrangement of the atoms. 


ABSORPTION 


482. Everyone is familiar with the fact that the color of white 
light can be changed by passing it through colored glass or colored 


Absorber 



solutions. If white light is 
passed through a colored 
medium and then examined 
with a spectroscope (Fig. 528), 
it will be found that some 
portions of the spectrum are 


Fig. 528. — Apparatus for Studying Absorption Fery much weaker than they 


are if the absorber is removed 


from the beam — some portions may indeed be almost entirely ab¬ 
sent. Thus a blue glass would weaken the red end of the spec¬ 
trum, a red glass weaken the blue end. Such a removal of certain 


wave lengths from a beam of light is called absorption, and the 
energy of the absorbed waves is transformed almost entirely into 
heat energy of the absorber, whose temperature will therefore rise. 
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Absorption can occur not only in the visible but in the ultraviolet and 
infrared, different substances having their own characteristic absorp¬ 
tion. Thus clear glass absorbs very little in the visible but quite 
strongly in the ultraviolet and long-wave infrared regions, while rock 
salt is transparent to the longer ultraviolet, visible, and a long range 
of wave lengths in the infrared. The absorption characteristics of a 
substance are frequently shown in the form of a curve such as those 
in Fig. 529 where for each wave length is shown the percentage of in¬ 
cident light energy which is transmitted by a certain thickness of the 
substance. From an inspection of the curves of Fig. 529 we can at 
once conclude that a spectrograph having lenses and prism of glass 
would not be suitable for use in the ultraviolet, since most of the short 
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Fig. 529. — Transmission of Various Substances for Radiation of Different 
Wave Lengths 


waves would be absorbed in the instrument itself. Curves of this 
sort are called transmission curves, while if we plot 100-T instead of 
T, they are known as absorption curves. 

483 . Absorption in Solids and Liquids. Solids and liquids almost 
always show rather broad regions of absorption, and every pure sub¬ 
stance has its own characteristic absorption curve. 

484 . Absorption in Gases and Vapors. Gases and vapors show 
discontinuous absorption, that is line absorption with atoms and band 
absorption with molecules. These lines or bands form the absorption 
spectrum of the gas or vapor. In the visible region they can be 
observed as dark lines (or bands) by examining with a spectroscope 
as in Fig. 528 white light from the crater of an arc which has passed 
through a Bunsen flame colored with a bit of salt, or through a tube 
containing iodine vapor. In the former case dark lines would be 
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observed at exactly that point in the spectrum where the two yellow 
emission lines of sodium would be found if the flame were used as 
source. In other words, the sodium vapor absorbs the same wave 
lengths which it emits. 

What has been said of the absorption and emission of sodium vapor 
can be said quite generally: Emission lines will be found to coincide 
(as to wave length) with all observed absorption lines. Thus absorp¬ 
tion is to be considered as a reversal of the process of emission, and 
we shall have more to say about this when we discuss atomic structure. 
Dark absorption lines such as we have been discussing were observed 
in the spectrum of sunlight in 1814 by Fraunhofer, after whom they 
are called Fraunhofer lines. He identified the more prominent ones by 
letters, as shown in Fig. 415 (a), and these letters are still commonly 
used to designate light having the same wave length as these absorp¬ 
tion lines. By comparing the wave length and appearance of these 
lines with the emission or absorption spectra of the elements one can 
very definitely decide to what elements the absorption is due. Some 
of the absorption is due to the earth’s atmosphere, but this can be 
allowed for, and the remainder can be most reasonably attributed 
to absorption by the outer (and cooler) layers of the sun. Thus, 
from a study of the Fraunhofer absorption lines in the solar spectrum 
and of the emission lines which are observed in the outer layers of the 
sun at the time of eclipses, the presence in the sun of more than fifty 
terrestrial elements has been definitely established. The rare gas 
helium was isolated and studied in the laboratory only after its exist¬ 
ence had been predicted because a particularly bright solar emission 
line could not be attributed to any known element. Stars also 
show line emission and absorption and the study of their spectra has 
furnished information about their composition, temperature, and 
motion toward or away from the observer, the latter by the use of 
Doppler’s Principle (Sect. 155), which applies to light as well as to 
sound, see Fig. 415 (d). 

485. Fluorescence. If a quartz mercury arc (Sect. 480), or other 
strong source of ultraviolet light, is enclosed in a box with a window of 
nickel oxide glass, which absorbs the visible spectrum practically 
completely but transmits considerable ultraviolet, we can obtain a 
beam of ultraviolet light only (Fig. 530). If this beam of invisible 
light falls on some substances, for example the teeth or skin of an 
observer, these will be found to give off visible light, of wave lengths 
in the violet-blue part of the spectrum. Kerosene or lubricating oil 
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exposed to the ultraviolet glows with a blue light. This phenome¬ 
non is called fluorescence, and a detailed stud} 7 " shows that the process 
involves the absorption of energy from the incident or exciting light 
by the fluorescing substance, but instead of the absorbed energy being 
all used in increasing the energy of molecular motion (heat) of the 
absorbing substance, an appreciable part of it is re-emitted in various 
wave lengths different from those absorbed. Just what wave 
lengths will be absorbed and what re-emitted depends on the prop¬ 
erties of the substance used. It was at first thought that the emitted 
wave lengths were always longer than the exciting ones, but this is 
by no means the case. Apparently the energy absorbed from the 
exciting light changes the internal condition of the molecules of 
the fluorescing substance, and the fluorescent light is emitted when 
these molecules return to 
their usual state. In some 
cases this internal change in¬ 
volves the liberation of elec¬ 
trons, and crystals which 
contain fluorescing centers 
show under the action of light 
an increased conductivity for 
electricity — that is, they be¬ 
come slightly like metals Fig> 530> __ Quartz Mercury Arc and Filter as 
which contain many easily a Source of Ultraviolet Light 

movable electrons. 

In most cases fluorescence occurs only during the exposure to the 
exciting light, but in some materials the molecules disturbed by the 
absorption of light do not immediately return to their usual state and 
emission therefore continues after the exciting light is cut off. This 
type of delayed fluorescence is usually called phosphorescence, and 
emission may continue for many hours, as in the case of some “lumi¬ 
nous paints" which are excited by daylight and continue to emit in 
the dark. [These should not be confused with the material on watch 
and clock dials in which the excitation energy comes from the disin¬ 
tegration of slight amounts of radium in the mixture (see Sect. 494).] 

486. Colors of Objects. The apparent color of objects depends 
upon the wave lengths which reach the eye from the object and upon 
the distribution of energy among these wave lengths; although, 
as was said in discussing color vision, this dependence is by no means 
simple, and it is possible in general to produce any given color sensa- 
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tion by many different combinations of wave lengths. The particu¬ 
lar distribution of wave lengths which objects send to the eye may 
be determined by a number of causes: namely, emission (in the case 
of self-luminous objects), absorption, reflection, interference, fluo¬ 
rescence, and scattering. These phenomena have already been dis¬ 
cussed, but it will be well to summarize here just how they operate 
to produce observed color effects. 

1. Emission. For solids the wave lengths emitted depend pri¬ 
marily on the temperature — they appear red at low temperatures, 
yellow at higher, and white at still higher — because of the increas¬ 
ing amount of the shorter wave lengths which they emit at higher 
temperatures. With gases and vapors, high temperature or an elec¬ 
tric discharge gives the spectra characteristic of the elements or 
compounds present, as for example the orange color of a neon lamp 
or the greenish-blue of a mercury arc. 

2. Absorption. This is the most common cause of color, as shown 
in natural objects, pigments, and dyes. The object abstracts, by 
absorption, certain wave lengths from the light with which it is 
illuminated, and we see what is left either by directly transmitted 
light, as in the case of colored glasses, or by the light which has 
penetrated slightly before being reflected back to the eye, as in the 
case of all pigments, colored cloths, etc. Thus poppies are red be¬ 
cause other colors are largely absorbed. Evidently what we see 
will depend on the light used to illuminate the object — for example, 
if we illuminate with red light a blue flower which absorbs all red, 
it will appear black instead of blue. Hence the apparent color of 
objects will depend on the illuminating source — and two pigments 
or dyes might match by daylight, but not match by candle or electric 
light. To avoid this uncertainty 'Tight filters" have been developed 
such that the light passing through them from a tungsten lamp has 
practically the same distribution curve as sunlight. The tungsten 
light being "redder" than sunlight, the screen must be a bluish or 
red-absorbing one. The fact that pigments and dyes work by 
subtraction must be kept in mind in mixing them. 

3. Reflection. While pigments appear to show surface colors, 
their color really depends upon penetration to a slight extent as ex¬ 
plained above, but there are some more truly surface colors which 
are due to the fact that the body has a much higher reflecting power 
for certain wave lengths than others. The colors of metals are of 
this type, also the wing colors of certain beetles. The "lead" of 
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an ordinary indelible pencil, which is colored with an aniline dye, 
shows this effect. A light mark on paper appears blue because we 
see the light which has passed through the dye to the paper and has 
been reflected back from the paper through the dye again to the eye. 
In this case we see the incident light minus the red which has been 
absorbed by the dye. On the other hand a heavy mark from the 
same pencil appears bronze colored, because the red end of the spec¬ 
trum is most strongly reflected. As we pointed out earlier, those 
wave lengths which are most strongly reflected at the surface are also 
most strongly absorbed in transmission, but a real surface color due 
to reflection is only noticeable when the absorption is very strong 
indeed. 

4. Interference. Colors due to this cause are not very common, 
but examples are seen in the opal and other minerals which show 
internal cleavage, in soap bubbles, and in oil films on water. The 
color is due, as was previously explained, to the destructive inter¬ 
ference of some wave lengths in the illuminating light. 

5. Fluorescence. This is again not a common natural cause of 
color, but is sometimes used on the stage. Scenery painted with 
certain aniline dyes will show one set of colors (by absorption) when 
illuminated by white light, but quite a different set of fluorescent 
colors when illuminated by intense ultraviolet light. 

6. Scattering. Color effects caused by scattering are observed in 
gases and liquids especially when they hold fine particles in suspen¬ 
sion. The scattered light is colored when the primary illumination 
is by white light, because molecules and fine particles scatter the blue 
end of the spectrum more than they do the longer orange and red 
wave lengths. The most striking examples of such colors are the blue 
of the sky and the blue of sea water or of the water of deep clear lakes. 

487. Absorption of X-Rays. The study of the absorption of 
X-rays by matter is carried out with apparatus which corresponds 
closely to that used in studying the absorption of light, namely a 
source of X-rays, a crystal spectrometer (Sect. 481), a device for 
measuring the intensity of X-rays such as an ionization chamber or 
photographic plate, and a sheet or plate of the material being ex¬ 
amined which can be inserted when desired in the path of the beam. 
The results of such a study of X-ray absorption, while too complicated 
to consider in detail, show certain general characteristics which have 
had an important bearing on ideas of atomic structure (see Chapter 
XX), and these can be briefly summarized. If the observed absorp- 
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tive powers of any element, for example silver, are plotted against 
the wave lengths of the rays being, absorbed, one obtains a curve such 
as is shown qualitatively in Tig. 531. For comparison the wave 
lengths of the more important X-ray emission lines of silver are 
indicated at the bottom of the figure, and it is apparent that there 
are no corresponding absorption lines. But it will be noticed that 
there is a sudden increase in absorption at a wave length very slightly 
shorter than the shortest emission line of the K series and it is found 

K 

K absorption edge 
^ for silver 


\ | Shortest line of K 

| I S' emission series 

Emission j"j | | | 


L absorption edges and 
shortest lines of corres¬ 
ponding emission groups 


Emission 

3.68A 3.50A 3.26A x 

Fig. 531. — X-Ray Absorption Edges and Related Emission Lines for Silver 

that the wave length (\k) of this absorption edge, as it is called, is 
related to the minimum energy of the bombarding electrons which 
will suffice to produce the entire K emission series, as already dis¬ 
cussed in Sect. 481. This relationship is again given by the quan¬ 
tum frequency equation: 

he 

^Recall that ^ == 

In other words an impinging electron having kinetic energy equal to 
eV k will just be able to produce such a change in an atom as will 
enable it to emit any line of the K series, while a wave length (\ K ) 
whose quantum of energy is equal to eV K will just be able to produce 
some change in the same atom which results in strong absorption of 
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M ss compared to wave lengths only slightly longer. Similar ab¬ 
sorption edges are found associated with the other series of X-ray 
emission lines, the three L edges also being shown in Fig. 531, and 
the relation of these facts to atomic theory will be considered later. 


PROBLEMS 

1. Monochromatic light from a source falls on a narrow slit of width 
0.1 mm. and the diffraction bands observed on a screen 50 cm. beyond the 
slit. The second dark band was found 5.46 mm. from the central bright 
image. What is the wave length of the light used? (546 X 1(H cm.) 

2. In an experimental determination of the wave length of yellow sodium 
light by Young’s method of interference, the distance between the two narrow 
slits was 2.947 mm. The interference fringes were observed with a micro-, 
scope on a screen 100 cm. beyond the slits and the distance between 8 con¬ 
secutive bright fringes was 1.600 mm. Find the wave length of sodium light. 

(5894 X 10 -8 cm.) 

3. A diffraction grating having 4580 lines to the centimeter is used to 

find the wave length of green light. The bright image in the second order 
was found at an angle of 30° from the bright central image. Find the wave 
length of the light. (5459 X 10~ 8 cm.) 

4. In a Newton’s ring experiment, the fringes are observed normally to 
the plane surface and the radius of the 10th bright fringe, when yellow so¬ 
dium light is used, was found to be 1.296 mm. If the radius of curvature 
of the spherical surface is 30.00 cm., find the wave length of sodium light. 

(5893 A) 

5 . In a measurement of the X-ray K a line of molybdenum, rock salt 
crystal was used and the reflection in the second order from the crystal 
lattice plane for which d = 2.8 X 10~ 8 cm. was found to be 14° 42'. Find 
the wave length of the K a line of molybdenum. 

(7.1 X 10 _s cm. or 0.71 A) 

6. In a Newton’s ring arrangement, the radius of curvature of the con¬ 

vex surface is 90 cm. and the wave length of the light used is 5500 A. Find 
the radius of the 27th bright ring, when viewed with reflected light at an 
angle of 30°. (3.892 mm.) 

7 . A diffraction grating has 10,000 lines to the centimeter. If light from 

a mercury arc lamp passes through a slit and then falls on the grating, find 
the wave length of the green and yellow lines, given that the angles of 
diffraction in the first order for these lines are 33° 6', 35° 15', and 35° 23' 
respectively. (5461 A; 5771 and 5791 A) 



CHAPTER XVIII 

PHOTOELECTRICITY 


488. Effect of Light on Metals. The discharge of negative elec¬ 
tricity from metals exposed to light, particularly ultraviolet light, 
discovered by Hertz in 1887, is ordinarily a very small effect not 
easily or commonly observed, but it has played an important part 
in the recent developments of ideas about light and matter and is 
rapidly becoming of considerable practical importance. The effect 

may be demonstrated by the 
simple arrangement shown in 
Plate Fig- 532, the zinc plate being 

J O mounted on a well-insulated 

T j — 1 - support and connected to the 

/X\ leaves of an insulated gold leaf 
[' y electroscope (Sect. 252). If the 
Glass Rod yp plate is charged positively it will 
^ ■, c be found that exposure to the 

Fig. 532. — Apparatus for Demonstrating light from an arc will produce no 

Loss of Negative Charge from a Metal effect, but a negative charge on 
Plate When Illuminated with Ultraviolet ^ ^ ^ rapid]y 

under the action of the light; or 
if uncharged, the plate will gradually assume a positive charge when 
exposed. In other words, under the influence of light electrons will 
leave a metal but positive charges will not; this striking contrast 
was one of the first indications that there was an essential difference 


Glass Rod 


between positive and negative electricity, and one of the arguments 
for the existence of electrons. The same thing happens if the plate 
is enclosed in the highest possible vacuum, which shows that the 
action of the light is on the metal itself and not primarily on the gas 
at the surface. 


489. Fundamental Laws. Detailed study has discovered three 
important laws governing the phenomenon. 

1. For any metal surface there is found a certain limiting wave 
length such that electrons will be discharged only by light of wave 
length shorter than this limit. This is called the long wave limit or 
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EINSTEIN'S QUANTUM THEORY 

W For exam P le J a clean potassium surface in vacuum is only 
acted upon by waves shorter than 5500 A, while a clean platinum 
surface in vacuum requires waves shorter than 1962 A. Figure 533 
shows the relation between rate of discharge of electrons per unit 
incident light energy and wave length, for silver. 

2. The number of electrons sent off per second by an active wave 
length (i.e., one shorter than the long wave limit) is directly propor¬ 
tional to the intensity of the light of 
this wave length which strikes the 
metal surface. 

3. The maximum velocity (and 
hence the kinetic energy, \ mv 2 ) 
which the electrons have after leav¬ 
ing the surface does not depend at 
all on the intensity of the light but 
does depend upon its frequency ac¬ 
cording to the relation 

i mV 2 — 

in which Xi is constant for all sur¬ 
faces and all wave lengths and K 2 
varies from metal to metal. 

The maximum velocity of the 
emitted electrons is determined by 
a method analogous to the determi¬ 
nation of the initial velocity of a ball 
by measuring the height to which it 
will rise when thrown vertically up¬ 
ward — that is, in the present case, by measuring the electrical po¬ 
tential difference which the initial kinetic energy of the electrons 
will just overcome. 

490. Einstein’s Quantum Theory. At the time these results were 
established light was considered to be a pure wave phenomenon, 
and attempts were made to account for the photoelectric effects on 
the basis of the wave theory, but without success. The time was 
ripe for a revolutionary suggestion, which was supplied by Einstein 
in 1905. Einstein made the proposal, which we have already dis¬ 
cussed in the chapter on light, namely, that the energy of a light beam 
should be thought of, not as spread uniformly through the waves, but 
as localized in packets, the amount of energy in a packet being pro- 



Wave Length in A 
Fig. 533 
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portional to the frequency of the light, energy = K x v, but entirely 
independent of the intensity of the beam. According to this view, 
as a train of spherical light waves spreads out from a central source' 
the intensity of light at any point would be determined by the num¬ 
ber of packets passing per second per square centimeter of area nor¬ 
mal to the direction of propagation. Thus at a distance from the 
source where the light is weak there would be few packets per second 
but each packet would contain as much energy as it did close to the 
source where the light is intense. In applying this idea to the experi¬ 
mental laws of photoelectricity, Einstein made the further hypothesis 
that the energy of a single light-packet, or quantum as it is now called 
could be entirely absorbed by a single electron in a metal, so that the 
kinetic energy of the electron after picking up a quantum would be 
Kiv. To this conclusion he added an earlier hypothesis for which 
there was already experimental justification, namely, that the passage 
of an electron out through the surface of a metal is opposed by forces 
of attraction so that it must lose a certain part, K h of its initial kinetic 
energy, and thus appear on the outside of the metal with what 
kinetic energy is left, that is \ mi? = K x v — K- 2 . In this way the 
third of the above-mentioned laws is accounted for. 

The amount of kinetic energy lost in passing through the surface 
varies from metal to metal and also depends upon the condition of 
the surface, and if the quantum of energy which the electron picks 
up is not as much as is needed to carry it through the surface it will 
not be able to escape. But the size of a quantum decreases with the 
frequency, i.e., longer wave lengths have smaller quanta, and for a 
given surface the smallest quantum which can just liberate an elec¬ 
tron is that which suffices to get the electron through the surface, 
but leaves it with zero kinetic energy on the outside. Since in this 
case 5 mv 2 = 0 , we have 


Kl^min — and \max — " 

Vmin 

This accounts for the long wave limit. Einstein suggested that the 
constant Ki was probably the same as the h introduced by Planck 
in his radiation theory (Sect. 499), which he called the quantum con¬ 
stant, and this was confirmed by Millikan’s photoelectric observa¬ 
tions. By measuring one after the other the maximum energies of 
the electrons discharged from a surface by several known wave 
lengths, Millikan eliminated K 2 from the above equation and deter- 
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mined K h which he found had the same value as Planck’s h. Thus 
h made its second appearance as a fundamental physical constant. 

It should be borne in mind that the electrons ejected from metals by 
light appear to come from among those easily movable, so-called 
“free” electrons which are loosened from the individual atoms when 
these atoms combine to form a solid or liquid metal. The motion of 
these loosened electrons along a conductor, under the action of an 
electromotive force or a potential difference, constitutes an ordinary 
electric current in the conductor. Electrons in a metal may be 
compared roughly to massive particles at the bottom of a well, since 
in the latter case there is a gravitational potential difference — i.e., a 
gravitational force — which must be overcome, and a particle must 
be started upward with a kinetic energy at least equal to the differ¬ 
ence in gravitational potential between the top and bottom of the 
well, in order that it may escape. However, there is no analogous 
way in which a quantum of energy can be given to an individual 
particle. 

Einstein’s theory of photoelectricity, which we have just been 
considering, was the first clear application of the idea that light 
consists of quanta of energy, and that the effects of light are as a rule 


produced by the independent action of individual quanta. It was 
the beginning of the quantum theory, other successes of which have 


already been considered in the 
chapter on light, particularly in 
the discussion of X-rays, and of 
which further examples will be 
discussed in the chapter on atomic 
structure. 

491. Applications of Photoelec¬ 
tricity. The essential character¬ 
istic of the photoelectric discharge 
which makes it useful is that it 
enables one to convert a varia¬ 
tion in the intensity of light into 
a variation in an electric current. 



Fig. 534. — Section of Photoelectric Cell 
Connected to Electric Circuit 


The device for this purpose is called a photoelectric cell (Fig. 534) 


and consists of a permanent arrangement of two electrodes; one 


electrode is selected for its special photoelectric sensitivity (i.e., a 


large discharge for unit light intensity), the other is used to collect 
the discharged electrons. In order that the surfaces shall be as per- 
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manent as possible, these electrodes are usually sealed in a glass or 
quartz bulb, which is sometimes exhausted to a high vacuum, and in 
other'cases filled with argon at a low pressure. The sensitive elec¬ 
trode is commonly a layer of one of the alkali metals (usually potas¬ 
sium or cesium) deposited either on the inside of the glass bulb or on 
a metal plate. In use the ceil is connected in circuit with a battery 
and some sort of amplifying instrument or relay. When light enters 
the cell electrons will be liberated from the sensitive surface and 
carried by the electric field due to the battery, across the intervening 
space to the collecting electrode, thus establishing a current in the ex¬ 
ternal circuit. The magnitude of this current as we have said, will 
be directly proportional to the intensity of light entering the cell, in 
the vacuum type. In the gas-filled type of cell additional current is 
produced, since the photoelectrons in moving from one electrode to 
the other ionize some of the gas molecules by impact (Sect. 365). In 
this way the gas cell can be made about ten times as sensitive as the 
vacuum type. In either case the currents produced directly by the 
cell are quite small but they can be greatly amplified by using suitable 
tube circuits (Sect. 374), so that the final current can operate a switch 
or any other desired mechanism. One of the simplest is a counter 
which records every interruption of the light beam caused by a person 
or object passing across it, or an alarm may be sounded whenever the 
beam, which might itself be of invisible ultraviolet light, is intercepted. 
In certain forms of sound reproduction as used with moving pictures 
a photographic record of the sounds is placed at the side of the film, 
a special light beam sent through this to a photocell, and the fluctu¬ 
ating photocurrent, which is produced as the film moves, is amplified 
and used to operate a loudspeaker. The photocell also plays an 
important role in television, for by means of it the different intensities 
of light reflected from the light and dark parts of a subject can be 
converted into electric currents of different magnitudes and these, 
after amplification, can be transmitted as radio waves of correspond¬ 
ingly different amplitudes — that is, the amplified photoelectric cur¬ 
rents are used to modulate a “ carrier wave ” as explained in Sect. 376. 



CHAPTER XIX 

RADIOACTIVITY 



492. Initial Discoveries. Soon after the discovery of Rontgen 
rays in 1895, Becquerel found, in 1896, that the element uranium and 
its chemical compounds emitted spontaneously some radiations which 
could be detected by their effects on photographic plates, and could 
be deflected by a magnetic field in such 
a manner as ultimately showed that 
these rays consisted of electrons in rapid 
flight. 

An investigation was then made of 
uranium ores, particularly of pitch¬ 
blende, or uraninite. Radiations were 
again found, but the method used by 
P. and M. Curie was detection by the 
ionization in air produced by the rays. 

A diagram of the type of electroscope 
(Fig. 535) later used by Rutherford will 
enable the reader to understand that 
radiations from pitchblende will ionize 
a gas in such a manner as to discharge 
an electroscope at a measurable rate de¬ 
pending upon the intensity of radiation. 

The curious result was obtained by 
Madame Curie that the pitchblende 
emitted more intense radiation than 
the uranium it contained. This led to a search, and to the chemical 
separation of the more potent substances in the ore, so that there 
were extracted from it two new elements; polonium, thus named by 
Marie Curie after her native land, and radium, which, extracted 
as a chloride, was found to emit three different types of radia¬ 
tions, named after the first three letters, of the Greek alphabet, 
alpha (a), beta (0), and gamma (y). The beta rays have all the 
properties of electrons. The gamma rays resemble Rontgen or 
X-rays, but they are more penetrating, and they belong, like visible 
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Fig. 535.— Alpha Ray Electro¬ 
scope. Radioactive material in 
tray T ionizes air between T and 
plate P connected to vertical rod 
and goldleaf L, charged by key 
K. I is insulator, and W is win¬ 
dow. The loss of potential is 
shown by the motion of L, ob¬ 
served with telescope, rated with 
stopwatch. 
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gamma ( 7 ) 


light, to the class of electromagnetic waves which cannot be deflected 
by a’magnetic field. The alpha rays were more difficult to investi¬ 
gate, but Rutherford proved them to be helium atoms (He++) 
stripped of their two outer electrons. The diagram due to Madame 

Curie well exhibits the different prop¬ 
erties of the three types of radiation 
(Fig. 536). The charged particles 
(a, ft) are deflected in opposite direc¬ 
tions into circles when a uniform 
magnetic field is applied perpendicular 
to the paper and from you in the 
diagram. ■ 

493. Disintegration Law. By de¬ 
grees there were discovered about 
forty different elements, which are 
called “radioactiveThe atoms of 
such elements in due course emit spon¬ 
taneously either an a or a ft ray from 
the center , or nucleus , of each atom, and 
thereafter the remainder constitutes an 
atom of a new element , with physical and chemical properties different 
from the original atom. Eutherford and Soddy (1902) stated a 
general law: Radioactive substances disintegrate spontaneously at a rate 
dependent on the number of atoms present , and independent of their age 
and exterior physical conditions. 

The forty radioactive elements belong to three independent groups 
or families, the uranium-radium', the thorium, and the uranium- 



Fig. 536. — Madame Curie’s 


Dia¬ 
gram. Magnetic field, H, is perpen¬ 
dicular to paper and from you. 



Fig. 537. — Transformation of Radium and Next Four Stages 


actinium. When an a particle, or a ft particle, is ejected from the 
nucleus , or central citadel, of an atom, where all the protons and 
about half the electrons are packed together, then that atom is 
changed and a new radioactive atom begins to exist. For example, 





BETA PARTICLES 


551 


radium (Fig. 537), which is a metal, throws out an a particle, and 
the residue, or new element, is one of the noble gases, at first called 
radium emanation, and now known as radon. The half-period of 
radium is 1600 years, and of radon 3.825 days; where the word 
“half-period” means the duration of time in which one half of the 
atoms originally present disintegrate. The atom with the longest 
half-period is thorium, namely 16,500,000,000 years, and ThC' has 
the shortest half-period of about a hundred thousand millionth of a 
second. 

494. Alpha Particles. The alpha particles have a range of only 
a few inches in air and can be cut off, or stopped, by a sheet of writing 
paper placed near the source. The longer the half-period, the less 
the velocity, and the shorter the range* in air of an alpha particle; 
for example: 


Substance Half-Period Range in Air Velocity in 

(S.T.P.) IN cm. cm./SEC. 

Uranium I. 4.5 X 10 8 yr. 2.70 1.40 X 10 8 

Radium . 1600 yr. 3.39 1.51 X 10 8 

Thorium C'. 10" 11 second 8.61 2.06 X 10 9 


As to the rate of evictions of alpha particles it has been shown, by 
counting scintillations on a phosphorescent screen in a vacuum and 
at a considerable distance from the source, that one gram of the 
element radium emits 3.5 X 10 10 alpha particles in every second of 
time, thus giving rise to that number of helium atoms and that same 
number of radon atoms. 

495. Beta Particles. The.beta particles have in general a higher 
velocity than the alpha particles, and the fastest of them can pass 
through one or two millimeters of lead or through a few meters of air. 
Instead of considering their range, however, it is customary to in¬ 
dicate their energy in “electron volts.” The kinetic energy gained 
by an electron in falling freely through a difference of potential of 
one volt may, with advantage, be expressed as an electron volt, 
according to the relation: 

J tow 2 = eV X 10* 

Here the electron charge e, is supposed to start from rest and acquire 
a velocity u, when its mass is to, under a potential change of V volts, 

* Alpha particles lose their kinetic energy by ionizing the air; after a certain 
distance, called their range, they can no longer ionize, or affect a photographic 
plate, or make a fluorescent screen scintillate. The range increases as the gas 
pressure decreases. 
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reduced to e.m.u. by multiplying by 10 s . It is assumed that e is also 
in e.m.u. 

The voltage required to give the fastest beta particles their ob¬ 
served velocity is about eight million volts. This calculation would 
be simple but for the fact that the mass of a charged body increases 
with velocity, and this increase cannot be ignored in working with 
beta rays. 

It is easy with a magnetic field to curve the paths of charged par¬ 
ticles into circles of radius r, so that if their mass-acceleration towards 
the center is mvr/r , then this must equal the force in dynes due to the 
field, already stated (Sect. 358) to be euH. Hence 


m — ~ euH 
r 



It is clear- then that for electrons Hr is always proportional to the 
momentum. It is found that the numerical value of Hr may have a 
wide range for beta particles, even when just ejected from the nucleus. 
Table XXVIII indicates the increase of mass over the slow motion 
mass, or “rest mass,” as it is called, as the speed of an electron ap¬ 
proaches the velocity of light. Beta particles have been observed 
with a velocity of 99.8 per cent of the velocity of light, so that their 
mass has increased to 15.8 times their rest mass, as stated above, and 
it would require 8 million volts to urge them from rest to the speed 
which they have attained as they leave the nucleus of a radioactive 
atom. 


TABLE XXVIII 
Electrons 


Velocity, as 
Per Cent of 
the Velocity 
of Light 

Mass 

Slow Motion Mass 

i 

mu/e — Hr 
in e.m.u. 

mifi/e -r 10 s 

Electron 

Volts 

1 

1 

1.7 X 10 

5.1 X 10 

25.5 

80 

1.67 

2.26 X 10 3 

5.4 X 10 6 

3.4 X 10* 

90 

2.29 

3.49 X 10 3 

9.4 X 10 s 

6.6 X 10 5 

99 

7.09 

1.19 X 10 4 

3.5 X 10* 

3.1 X 10* 

99.8 

15.82 

2.67 X 10 4 

. 

8.0 X 10* 

7.6 X 10* 


496. Gamma Rays. When one radioactive element changes into 
another, there are sometimes produced penetrating, electromagnetic 
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waves called gamma rays. These have been detected even after 
passing through 8 inches, or about 20 cm., of lead. They resemble 
Rontgen rays, but their origin appears to be primarily in the nucleus 
of the atom, when a rearrangement of the parts of the nucleus fol¬ 
lows the ejection of an alpha or of a beta particle, which is the main 
event in a radioactive change from one element to a new element. 
The gamma rays from radium B and radium C have wave lengths 
ranging from 0.072 to 1.36 angstrom units, not a continuous distri¬ 
bution but one having about twenty well-defined values. 

The gamma rays in their passage through matter have a well 
marked effect, analogous to photoelectricity, resulting in the ejection 
of electrons having velocities so high that they often greatly exceed 
those caused by ultraviolet, and even by Rontgen rays. 

Cosmic Rays. There are penetrating gamma rays coming from the 
uranium, radium, and thorium which are found widely but scantily 
distributed through the soil and rocks of the earth. Such radiation 
decreases with height above the earth, but electroscopes in balloons 
indicate an increase with further elevation. This was investigated 
by Kohlhorster, Millikan, and others, who proved that there was a 
radiation which entered the earth from without and was capable of 
passing through the atmosphere (equivalent to 30 inches of mercury) 
and continuing many feet downwards into pure water lakes; after 
which the radiation could still be detected in high pressure electro¬ 
scopes. These radiations coming from without the earth into the 
atmosphere are generally known as cosmic rays. The radiation 
varies but little by day and by night, so that the sun is not its origin. 
There is a variation with latitude however, and slightly more rays 
seem to come from the west than from the east. Perhaps initially 
the radiation consists of electromagnetic rays with exceedingly high 
frequencies and therefore of high energy content. Certainly they 
are able to shatter the atoms that they encounter ejecting the con¬ 
stituents of the nuclei. The exact nature of the cosmic rays is still 
uncertain. If they are really of an electromagnetic character then 
their wave lengths are about 0.0004 of an angstrom unit, but the 
present view is that these rays are corpuscular, with a positive charge 
predominating. 

It is interesting to use the terminology of sound and to point out 
that while visible light occupies but one octave, yet the whole gamut 
of electromagnetic waves now ranges over about 66 octaves from the 
long waves of radio, perhaps 25 miles in length, to the shortest cosmic 
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waves 4 X 10~ 12 cm. long. In this great range there are now no 
gaps of undetected frequency from about 10 4 to 10 22 cycles a 
second. . 

The stable products of the radioactive elements at the end of their 
long lines of descent are, in all three cases (Sect. 493), closely akin to 
lead, but with different atomic masses; and the proportion of radium 
or of uranium, to lead in a mineral is a sure guide to the age of such 
a mineral, as measured from the time of its formation or aggregation. 
The oldest known minerals appear to have existed as such for more 
than a thousand million years. Such period is sometimes called the 
age of the earth. This may merely refer to the time when the earth 
and other planets were broken from the sun, due to an internal catas¬ 
trophe, or more probably due to a tidal disruption caused by the 
near approach, to our sun, of another star. 

497. Transmutation of Elements. Radioactive elements disinte¬ 
grate and transmute of their own accord, but it is now possible to 



Fig. 538. — Cosmic Fays Give Rise 
to Electrons and Positrons 


achieve both these changes by arti¬ 
ficial or planned methods. The first 
important step was taken when 
Rutherford caused the ejection of 
protons from light elements, such as 
aluminum, by bombardment with 
alpha particles. C. T. R. Wilson’s 
expansion chamber has proved of 
great value in giving ocular evidence 
of the behavior of atoms and vari¬ 
ous radiations. If a chamber con¬ 
taining moist air is suddenly 
expanded, thus cooling the air, drops 
of mist form on the positive and 
negative ions produced by alpha and 
beta particles. A good example of 
this is shown in Fig. 538 where the 


paths of electrons and of positrons 
are seen swerving opposite ways, due to a magnetic field perpendic¬ 
ular to the plane of the picture. The positrons were discovered by 
Anderson using cosmic rays as source; electrons and positrons have 
equal masses and equal charges, but of opposite sign or kind. 
Blackett obtained photographs, using a C. T. R. Wilson expansion 
chamber, of an alpha particle striking a nitrogen atom and causing 
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the ejection of a proton, so that the nitrogen atom was thereby- 
transformed to an oxygen atom (Fig. 539). 



b 

By ‘permission of Dr. P. M. Blackett and the Royal Society . 

Fig. 539. — An Alpha Particle Striking a Nitrogen Atom at Intersection of aa and hb. 
A proton is ejected to the right and an oxygen atom formed. 


Alpha particles, gamma rays, neutrons, and the nuclei of hydrogen 
or of double hydrogen (protons and deuterons) are all today used to 
cause induced radioactivity (Sect. 514) in a great number of the 
elements, which have their nuclei modified or changed so that an 


















556 


RADIOACTIVITY 


unstable state arises. A group of such atoms will therefore give rise 
gradually to a new group of different elements, with a definite period 
of change to half value, and with an output of radiation, similar in 
this respect to the radioactive elements. The old dream of the 
alchemist has come true! The transmutation of elements has been 
achieved, at present, however, in minute quantities. 



CHAPTER XX 

ATOMIC STRUCTURE 

498. Introduction. In the section on the discharge of electricity 
through gases, we discussed the fact that atoms, which are usually 
electrically neutral, could become charged, in which condition they 
are called positive or negative ions depending on the sign of the 
charge which they carry. The facts of thermionics (Sect. 370) and 
photoelectricity (Sect. 488) indicate not only the general presence of 
electricity in matter but the essential difference between the ele¬ 
mentary negative charge, the electron, and the elementary positive 
charge, the proton. In discussing emission (Sect. 474 ff.) we pointed 
out that atoms of elements would emit radiation under the action- 
either of high temperature or an electric discharge, and that each 
element had a characteristic emission spectrum. With these facts 
in mind it is natural that in attempting to construct (on paper of 
course) an imaginary model of the atom, it would be built of positive 
and negative electricity and that it would be designed primarily to 
emit some known atomic spectrum. Now the simplest atomic 
spectrum is that of hydrogen, and so atomic model-building began 
with that element, and the first attempts were based on two so-called 
classical ideas. The first of these was that the forces between the 
positive and negative charges were assumed to be attractions (be¬ 
tween unlike charges) or repulsions (between like charges) varying 
inversely as the square of the distance between the charges, as they 
are observed to do between charged bodies at such distances as can 
be handled in the laboratory. The second classical assumption 
was that the electrons in the model were to emit light by vibrating, 
after being disturbed, with the frequencies characteristic of the spec¬ 
trum of atomic hydrogen, just as a bell after being struck vibrates 
mechanically in a complicated way and emits a complex sound spec¬ 
trum. Thus the emphasis was on the existence, in the atom, of 
parts having natural frequencies of vibration corresponding to each 
emitted wave length, and a single atom was considered capable of 
emitting all the lines of its spectrum simultaneously. Atoms emit¬ 
ting very complex spectra were sometimes referred to as necessarily 
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“more complicated than a grand piano.” But on the classical basis 
no one has ever succeeded in building up a vibrating model of even 
the hydrogen atom, and for this and other reasons the idea of a 
vibrating model has been discarded in favor of quite a different type. 
These other reasons must be briefly summarized before we describe 
the present concept. 

499. Planck — Introduction of Quantum Idea. The problem of 
deriving theoretically the experimentally known law for the radiation 
of a perfect radiator (see Sect. 205) had been attacked on the classical 
basis without success, but Planck had shown that it could be solved 
on the basis of certain new assumptions as to the behavior of radia¬ 
tion. The most important of these was the hypothesis that radiant 
energy was not emitted or absorbed continuously and in any amount, 
as would be natural on the basis of the classical wave theory, but that 
it came out (emission) or went in (absorption) only in certain units 
and only one unit at a time. These units varied in size with the 
frequency of the radiation which was emitted or absorbed, in accord¬ 
ance with the relation: 

Energy unit = E v hv = X ^ 

wherein v and X are the frequency and wave length of the radiation 
emitted (or absorbed), c is the velocity of light in free space, and 
h is the Planck quantum constant which is equal to 6.55 X 10“ 27 
erg-sec. The energy unit characteristic of each frequency, which 
we have designated by E v , is called a quantum (of radiation). For 
green light, of wave length X = 5000 A, the quantum would equal 
40 X 10” 13 erg. These ideas of Planck were entirely foreign to all 
previous concepts, and not deducible from them. 

500. Einstein —the Quantum “ Particle.” As we discussed under 
photoelectricity, Einstein carried Planck’s idea a step farther by 
assuming that light of frequency v can transfer an entire quantum of 
energy, E v = hv, to a single electron, and on this basis he accounted 
for the two puzzling characteristics of photoelectric discharge. This 
gave additional plausibility and significance to the idea that radiation 
existed in quanta, or photons as they are now called. 

501. The Nuclear Idea. Rutherford (1911) made the next step 
with his interpretation of the fact that when a particles are scattered 
either by metal foils or by individual air molecules, there are oc¬ 
casional but very rare (for example one case out of 8000) deviations 
of the path of the a particle through a large angle which may be as 
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great as 150°. From this Rutherford drew the conclusion that atoms 
are built around an extremely small center or nucleus, which however 
contains most of the mass of the atom. Furthermore Chadwick, by 
assuming that this nucleus acted like a point charge of positive elec¬ 
tricity and that the forces between it and the positive charge of the 
impinging a particle obeyed the inverse square law, showed that the 
observed deviations of a particles by various elements could be 
accounted for if the positive charges of the atomic nuclei were pro¬ 
portional to the atomic number (see Table VI, Sect. 121). The idea 
that atomic nuclei carried electrical charges proportional to the atomic 
numbers had already been suggested by Moseley. Since atoms are 
ordinarily electrically neutral, it was further concluded that each 
atomic nucleus is normally surrounded by a number of electrons 
equal to the number of its own positive charges. How are these 
electrons distributed around the nucleus? The kinetic theory of 
gases (Sect. 182) had led to the conclusion that as regards impacts 
on each other, atoms and molecules could be considered to have a 
diameter of from 2 to 5 X 10 -8 cm., while observations of the pas¬ 
sage of electrons through matter had led Lenard to conclude that most 
of the over-all space occupied by a solid or liquid was really empty, 
the electrons passing unhindered unless they hit or passed very close 
to the nuclei. Rutherford’s atomic model combined all these ideas 
and consisted of a nucleus, whose diameter is of the order of 10 -12 
or 10 -13 cm., and around this the relatively widely scattered elec¬ 
trons whose number is equal to the atomic number of the element. 
For example: 


TABLE XXIX 


Element 

At. Wt. 

- T - 

At. No. 

Nuclear 

Charge 

No. 

Electrons 

H. 

1.008 

1 

1 

1 

He. 

4.00 

2 

2 

2 

0. 

16.00 

8 

8 

8 

Au. 

197.2 

79 

79 

79 


Some idea of the emptiness of the space around the nucleus, in the 
Rutherford model, can be got by comparison with the solar system. 
If the sun be chosen to represent the nucleus, then, in proportion, the 
kinetic theory atom would be larger than the entire planetary system, 
and the 9 planets would correspond to the 9 electrons of fluorine. 
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502. Bohr. Accepting the quantum and nuclear ideas we have 
just been discussing, combining them with the classical laws of elec¬ 
tric force between charges, and introducing certain daring new hy¬ 
potheses, Bohr in 1913 developed a quantitative model of the hydro¬ 
gen atom which would emit almost exactly the hydrogen spectrum 
and whose over-all size was just about that computed from kinetic 
theory and other similar considerations. Bohr's work laid the 
foundation for all subsequent theories of atomic structure, but the 
geometric details of his model did not give good results in the case of 
heavier atoms. We shall, therefore, not go into such details but 
discuss the general ideas introduced by Bohr which have since proved 
so useful. 

503. Quantized Energy States. The most important of these 
general ideas is that of discrete energy states. The total energy of an 
atom is considered as the sum of the kinetic energies and relative 
potential energies of its parts — for example, in the hydrogen atom 
the internal potential energy would be increased if the electron were 
pulled farther away from the attracting nucleus, and the internal 
kinetic energy would depend on the velocity of the electron and the 
nucleus with respect to each other. The first hypothesis of Bohr 
states that any atom can exist only with certain discrete values of its 
total energy. The state having the lowest energy is the normal state 
in which the atom would continue indefinitely unless disturbed by 
radiation or by impact with another particle or atom. These states 
can be designated by the corresponding values of the total energy 
which we may call Wi, W 2 , W 3 . . . etc. in increasing order, W x 
meaning the normal state and the others being called excited states . 
If the internal energy is increased from Wi to W 2 by action from out¬ 
side (usually by impact with a moving electron) the atom can only 
return to the normal state by giving up the extra energy W 2 — W x . 
This it usually does — according to the hypothesis — by radiating, 
and here the second important hypothesis comes in, namely, that the 
frequency of the emitted radiation will be such that the amount of 
energy to be radiated, W 2 — W h will just make one quantum. This 
relation is expressed by the equation 

W 2 - Wi = hv 2 

which is called the Bohr frequency condition. If the atom had first 
been raised to a still higher energy level, W Zj in changing back to 
Wi it would radiate a larger and higher frequency quantum given by 
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PU 3 — TFi = hv 3 . But there must evidently be a limit to this series 
of states of increasing energy, W h W 2} W z . . ., namely that set by the 
increase in internal energy sufficient to ionize the atom, that is to 
remove one electron completely from it. Thus in the case of hydro¬ 
gen, by assuming a series of energy levels of proper magnitude which 
get nearer and nearer to each other as they approach the limit corre¬ 
sponding to ionization, there results a model which in accordance 
with the rule just laid down would emit the several series of lines 
which are observed, each approaching its own limit The various 



Fig. 540. — Energy Level Diagram for Hydrogen 

energy levels, with the changes giving the four series of hydrogen lines 
indicated by arrows, are shown diagrammatically in Fig. 540. 

504. Summary. The present model differs radically from the 
earlier form to which we referred. It is not a vibrating model; 
nothing is said as to how emission occurs or how the wave charac¬ 
ter, which seems to control propagation, is impressed upon the light. 
Furthermore such an atom could not emit all the lines of its spectrum 
simultaneously, but only one wave length at a time. Though the 
allowable energy levels are determined by a simple rule, it would 
appear at first sight no less arbitrary to assume them than to assume 
at once that the atom emitted just the observed wave lengths. But 
the relation between ionization energy and the limit of the Lyman 
series (Sect. 478), 


hviim = ionization energy 
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which follows so simply from the energy-level hypothesis, has been 
confirmed by direct experiment, and this and other similar experi¬ 
mental results are strong arguments in favor of this type of model. 
In determining directly the energy required for ionization, electrons 
are accelerated through a known electric field and then allowed to 
impinge on the atoms of gas or vapor whose ionization energy is to 
be determined (Sect. 365). It is found that for each element the 
kinetic energy of the electrons must exceed a certain limit imorder to 
produce ionization. This limit is found to be the same as that 
deduced from the limits of the spectral series for the elements. The 
ionization energies, and other atomic energies, are usually expressed 
in “electron volts,” one electron volt being the kinetic energy ac¬ 
quired by an electron in falling through a difference of potential of 
one volt. 

505. More Complex Atoms. As shown in Table XXIX, each 
atom nucleus is surrounded by a number of electrons equal to its 
atomic number, and in the models these electrons are arranged in 
groups or shells; the innermost group is bound most tightly to the 
nucleus and the others with successively weaker binding forces. 
The number of electrons in the successive groups is chosen to fit the 
periodic properties of the elements so that atoms of similar chemical 
and other external characteristics will have the same arrangement of 
external electrons. Thus hydrogen has only one electron and is 
chemically active; helium, chemically inert, has two electrons which 
are assumed to fill or complete the innermost shell; lithium has two 
electrons in the innermost shell and one in the next outer shell 
which is considered incomplete in accord with the chemically active 
characteristics of lithium. Passing farther along the Periodic Table 
the next inert gas neon (atomic number 10) has 2 inner electrons and 
8 electrons in its outer (complete) shell, argon the next inert gas has 
2, 8, and 8, while sodium (active) has 2, 8, and 1 and the similar 
active element potassium has 2, 8, 8, and 1. These electron shells 
are illustrated in Fig. 541, but it must be emphasized that the geo¬ 
metric arrangement is purely schematic. In this scheme a complete 
outer shell corresponds to an inert atom, one which is difficult to 
ionize, and in building up the more and more complicated atoms once 
a shell has been completed, or filled, it is given the same number of 
electrons in the case of all the remaining elements. Thus helium and 
all heavier elements have 2 electrons in the inner shell; neon, and all 
atoms heavier than it, have 2 and 8 in the first two shells. — and so on. 
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To such models has been extended the same idea of energy levels 
which we discussed for hydrogen, but in order to fit the complex 
, spectra which are observed it is necessary to assume several sets of 
energy levels each converging at the ionizing level which is the normal 
level of the ion. If the atom could change from any high level to any 
lower level, emitting radiation in ac¬ 
cordance with the Bohr rule, more 

lines would be possible than are actu- f j f j (()] 

ally observed. It has been found, \V,7/ 

however, that relatively simple selec- e Li 

lion rules can be stated, which apply 

to all atoms, and which limit the ftf 

atomic energy changes to just those \v_y J til Jjj 

required to give the observed spectra. ^ 

506. X-Ray Spectra. The idea of N * 
energy levels also serves to correlate ^^ 

X-ray spectra, but the energy changes /// v\\ 

associated with X-ray emission are / l f )})(([ i i I 

much greater than those we have been J l \\\^y J J ) 

discussing. For X-ray wave lengths 
are very short, ranging from 10 -6 to Na, 

10" 9 cm., and for them v (= c/\) is K 

large and hence an X-ray quantum ^^7 Eldonst 

may be five to fifty thousand times Shells or Groups 
as large as a quantum of visible light. 

Therefore to prepare an atom for the emission of such a large quan¬ 
tum, a large amount of energy must be added to it, which is usually 
accomplished by bombarding it with a high velocity electron. To 
produce the shortest wave length just mentioned at least 123,000 
electron volts of energy would be necessary. But since a relatively 
small amount of energy (2 to 25 electron volts) is sufficient to ionize 
any atom, we conclude that the internal disturbance, which prepares 
an atom to emit X-rays, is of a different sort from those disturbances 
which result in visible emission or ordinary ionization. This differ¬ 
ence is usually expressed by saying that an excitation which results in 
X-ray emission is internal and deep-seated, while the other is super¬ 
ficial We have already said that there are reasons for considering 
that the inner electron shells of atoms in a normal state are filled, and 
X-ray spectra furnish additional evidence for this view. For accord¬ 
ing to this concept if an inner electron is moved it can go only to one 
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of the unfilled outer (optical) shells or else leave the atom entirely in 
which case the atom would be ionized. In the somewhat idealized 
diagram of Fig. 542 the normal state of the atom (least energy) i s 
_ K represented by the dotted line A. If an electron 
is removed from the most tightly bound shell 
(called the K shell), the ionized atom will then 
have more energy, and its condition, called the 
K state, is represented by the line so marked. 
An electron from any one of the more loosely 
bound shells could then fall into the K vacancy, 
_ M releasing an amount of energy represented on 
the diagram by the interval KL, KM, or KN as 
Fig. 542. — Energy Di- the case might be, the energy in each case being 

states Sh ° WingX " Ray raciiatecl as an X-ray line. Thus there are a 
~ ^ number of lines which are produced by filling a 

K vacancy and these form what is called the K series. The frequency 
of the emitted radiation would be given by the same quantum equa¬ 
tion which applies to optical emission — for example: 


for the longest X-ray wave length which could be emitted by the 
filling of a K vacancy. Evidently none of the K series can be emitted 
until the atom has been raised to the K state (Sect. 481). To do this 
by electron bombardment it is necessary that the bombarding electron 
should have at least the energy represented by the distance AK. 
A less bombarding energy would suffice to put the atom in the L 
state (i.e., remove an electron from the shell next to the inner one), 
which leads to the emission of the L series — and so on for the remain¬ 
ing shells. As before stated, the number of shells of electrons in¬ 
creases with increasing atomic weight, and the observed increase 
in complexity of X-ray spectra is in accord with this. The “excited” 
optical levels or states of the atom would lie between A and N in 
Fig. 542. 

Since the K , L, M, etc. states correspond to ions, it is evident that 
there are many different ways of ionizing an atom containing many 
electrons, depending on which electron is removed, and what is called 
the ionizing potential is the energy required to remove the' most 
loosely attached electron from its normal position in the atom. This 
idea of internal contrasted with superficial changes is borne out by 
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the fact that X-ray spectra are characteristic of atoms only, and are 
practically the same whatever chemical compound the atoms may be 
a part of, while the visible and ultraviolet spectra of atoms can be 
observed only when the atoms are free, the spectra of compounds 
being quite different from those of the constituent atoms. That is, 
the building of molecules disturbs the optical (outer) electrons of 
atoms, but leaves the X-ray (inner) electrons practically unaltered. 

507. Molecular Spectra and Structure. Consider a molecule of 
hydrogen, which is known to consist of two atoms whose nuclei are 
shown in Fig. 543. Since the nuclei contain most of the mass, it is 
evident that such a molecule might have considerable energy of 
rotation around an axis AA perpendicular to BB through the nuclei, 
and also that it might have energy of 
vibration due to the oscillation of the two 
nuclei along BB. Thus a molecule in 
general can have three forms of internal 
energy, that of rotation, of vibration, and 
of electron arrangement, the latter being 
the only kind considered in the case of an 
atom. (Besides these there is the energy 
inside the nucleus which will be considered 
later.) To these three forms of energy 
the same hypothesis of discrete possible 
values is applied — that is, only certain 
rotational energies (i.e., certain angular 
velocities of rotation), certain vibrational energies (i.e., certain ampli¬ 
tudes of vibration), and certain electronic energies are allowed. By 
properly choosing these allowed values, and by again assuming that 
when a molecule changes from one value (Wf) of the total energy to 
a lower (TFi), one quantum of radiation is emitted of a frequency 
given by v = (W 2 — Wi)/h, molecular models can be designed which 
reproduce in a satisfactory way the band spectra of molecules. Fur¬ 
thermore, detailed computation leads to very satisfactory values for 
the distances between atoms in molecules. 

508. Absorption. According to the theory we have been discuss¬ 
ing, absorption is the reverse of emission, that is a quantum of radia¬ 
tion enters the atom (or molecule) and raises it to a higher energy 
level. In order that the absorption should be strongly selective, 
i.e., give rise to a narrow absorption line, it is necessary to assume 
that an atom in the state W\ will only absorb quanta which are of 
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Fig. 543. — Hydrogen Molecule 
Showing Axes of Rotation and 
Vibration 
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just the right energy to lift the atom from Wi to one of the higher 
allowed states. Evidently no absorption line correspon din g t 0 the 
change from W- 0 to H 7 6 , say, will be observed unless there are atoms 
already present in the excited state Ws. Hence the ordinarily ob¬ 
served absorption spectra do not contain all the wave lengths of the 
corresponding emission spectra. 

The absorption of X-rays is accounted for in a similar way, but in 
this case the absorbed quantum of energy is transferred to one of the 
inner electrons. Since the inner shells of the atom are full of elec¬ 
trons, it is natural to suppose that the electron which has absorbed 
the energy must move completely to the outside, against the attrac¬ 
tion of the nucleus. Hence the incident quantum must have at 
least enough energy to remove the electron completely or it will not 
be absorbed, while if the quantum is larger than this necessary mini¬ 
mum the surplus will in general appear as kinetic energy of the re¬ 
moved electron. Thus the observed sharp absorption limits are 
accounted for. 

509. The Nucleus. We have already (Sect. 501) referred to the 
experiments of Rutherford which led to the acceptance of the hy¬ 
pothesis that atoms are built around a very small and very dense 
nucleus which contains most of the mass of the atom. But no sooner 
had the atom, which had for long been thought of as indestructible 
and indivisible, been analyzed into a nucleus and attendant electrons 
than it appeared necessary to consider a composite structure for 
the nucleus itself. Indeed arguments for a complex nucleus already 
existed in the experimental facts of radioactivity (Sect. 492). For 
the disintegrations of radioactive elements with the accompanying 
emission of very high velocity electrons (/3 rays), or a particles (he¬ 
lium atom nuclei), and 7 rays are now considered to be nuclear ex¬ 
plosions, since these might reasonably be expected to be more violent 
than any disturbance which could happen among the surrounding 
electrons, because of the high concentration of both matter and elec¬ 
tricity in the nucleus. Besides the spontaneous emission of elec¬ 
trons and a particles from radioactive bodies, it has been known for 
some years that many other elements would emit either a particles 
or protons (hydrogen nuclei) when bombarded by high velocity 
a particles or protons. 

Thus three kinds of particles — electrons, protons, and a particles 
— appeared to come out of atomic nuclei, and it was therefore natural 
to suppose that nuclei were built up of these same particles. Since 
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1931, however, three other kinds of particles have been discovered 
under circumstances which suggest that they must also be considered 
as possible building-blocks out of which atomic nuclei are made up. 
We cannot enter into the details of these discoveries, but we can at 
least get an idea as to the characteristics of the various particles and 
something as to the role they play in speculations about the nucleus. 


TABLE XXX 


Name 

Mass in 
Grams 

Mass in Terms of 
One-sixteenth 
the Mass of 
Oxygen Atom 

Charge 

Electron. 

9.03 X 10” 28 

0.00055 

(4.77 X 10~ 10 e.s.u.) 

Proton or hydrogen 
nucleus. 

1.66 X 10- 24 

1.0072 

+e 

a particle or helium 
nucleus. 

6.60 X 10~ 24 

4.001 ; 

+2 e 

Neutron. 

1.66 X 10~ 24 

1.008 

0 

Positron or positive 
electron. 


Same as electron 


Deuteron D 2 or 
“heavy hydrogen” 
nucleus. 

3.31 X 10~ 24 

2.0131 

+e 


It must not be inferred that all the particles listed in Table XXX 
are necessarily simple entities. It may be, for example, that a 
neutron is a proton combined with an electron, or that an a particle 
is two protons combined with two neutrons and so on. Nor can it 
be said to what extent, if any, they maintain their identity in the 
nucleus. All that can be said is that, to repeat, under some circum¬ 
stances they appear to emerge from nuclei, and under other circum¬ 
stances (bombardment of heavy atoms with protons and a particles) 
they appear to go into nuclei. The problem of nucleus-building then 
is to combine these particles so as to form known atomic nuclei each 
having the correct total mass and the correct resultant electric charge, 
equal in each case, as has been said, to the atomic number (Z) times e. 
But though the nuclear charges of the various elements appear to 
follow the simple sequence e, 2 e, 3 e . . . etc., the nuclear masses, 
and the atomic masses which are equal in each case to the mass of 
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Velocity Filter 


Photographic Plate 


Deflection 

Chamber 


the nucleus plus the mass of the surrounding electrons, are much 
more varied. 

510. Atomic Mass. Our detailed knowledge of atomic masses 
comes from a method due to J. J. Thomson and perfected by Aston, 
Bainbridge, and others, which involves giving the atoms (or rather 
atoms minus one or two electrons, i.e., atomic ions ) a high velocity 

by the accelerating action of an 
electric field, and then deflecting 

T _) Electric Field them in a magnetic field by the 

a jT Velocity Filter same forces which act on a 

—■ I - -± current-carrying conductor in a 

_!_L photographic Plate. magnetic field (Sect. 323). A 

l J l diagram of one form of appa- 

Deflection j ratus > as used by Bainbridge 

chamber // for accelerating and deflecting 

\\ yW atomic ions and recording their 

_deflection on a photographic 

^ plate, is shown in Fig. 544. 

Fig. 544. — Schematic Diagram of Mass ^ j v tv . 

Spectrograph. Magnetic field is normal When Studled in thls W it IS 

to plane of diagram. found that, in general, the atoms 

of a single element are not all de¬ 
flected alike , but divide themselves into groups, and since their charges 
and velocities are the same, the inference is that the masses of the 
atoms in the groups must be different. For example, mercury whose 
atomic weight determined by chemical means is 200.6, proves to have 
atoms of nine different masses ranging from 195 to 204, in the same 
units. These various mercury atoms occur not in equal numbers but 
on the average in certain proportions, and the chemically-determined 
atomic weight is the average atomic weight of the mixture. 

511. Isotopes. Such different atoms of a single element having 
almost the same chemical and physical properties and therefore by 
inference the same nuclear charge and the same number of electrons 
surrounding the nucleus in the ordinary non-ionized state, but hav¬ 
ing different nuclear masses, are called isotopes. This concept of the 
relation between isotopes is of course founded on the idea, first clearly 
expressed by Moseley, that the external properties of atoms, such as 
their chemical behavior and optical properties, are largely deter¬ 
mined by the number and arrangement of the electrons around the 
nucleus and hence by the nuclear charge and not by the nuclear mass. 

Of the known elements more than seventy have been analyzed 


Fig. 544. — Schematic Diagram of Mass + j- j 

Spectrograph. Magnetic field is normal 
to plane of diagram. found that, in | 
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for the presence of isotopes, and of these less than twenty have 
so far failed to show more than one isotope. Some elements," on the 
other hand, occur in a number of isotopic forms, for example, mercury, 
as already stated, has nine and tin eleven; but so far no element of 
odd atomic number has been found to have more than two isotopes. 
Altogether about 250 different nuclei are now known, and the question 
that arises is, can these be thought of as made up of the elementary 
particles, or nuclear “building blocks” which were listed in Table 
XXX, combined in such a way that each nucleus has the correct 
mass and the correct electric charge? Consider helium, whose 
nucleus is the a particle having a mass, relative to oxygen taken as 
16, of 4.001, its charge being +2 e. If we suppose the helium nucleus 
to consist of four protons and two electrons, the charge will be cor¬ 
rect; but the sum of the masses of these six particles is 4.030 which is 
too large by 0.029 and this excess is larger than can reasonably be 
accounted for by errors in the measurements of the masses of the 
several particles. Similarly if we suppose the oxygen nucleus to be 
made up of sixteen protons and eight electrons we again find that the 
sum of the masses of the particles is too large. What is to be done? 
The final answer cannot yet be given, but at present the most hope¬ 
ful plan appears to be to apply Einstein's principle of the equivalence 
of energy and mass (Sect. 368) and say that the excess mass of the 
individual particles was sent off as radiation (photons) when the 
particles joined together to form a nucleus. We should expect, then, 
that the same amount of energy (or mass) would have to be added 
to the nucleus in order to break it up again into separate particles, 
and the greater the amount of this energy necessary for disintegration 
the more stable would be the nucleus. This relation between ap¬ 
parently “lost mass” and nuclear stability is borne out in a number 
of cases. 

612. Isotopes of Hydrogen. Deuterium, a heavy isotope of hydro¬ 
gen discovered in 1932 by Urey, Brickwedde, and Murphy, having 
the atomic mass 2.0136 and atomic number 1, promises to be one of 
the most interesting isotopes, because its chemical properties are 
found to be quite different from those of H; this is the justification 
for the new symbol D 2 . Deuterium occurs mixed with ordinary 
hydrogen, to the extent of perhaps 1 part in ten thousand, but an 
electrolytic process has been developed whereby the heavy isotope 
can be separated from the lighter until finally less than one per cent 
of the latter remains. In this way fairly pure specimens of the so- 
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called “heavy” water can be obtained, each molecule consisting of 
two atoms of D 2 and one of 0; that is, D 2 2 0. There are reasons for 
thinking that D 2 2 0, and other compounds of D 2 , may have quite 
different properties from H^O and other corresponding compounds 
of H 1 , and the study of such questions is now made possible by the 
availability of considerable quantities of “heavy” water. A third 
isotope of hydrogen (H 3 ) has also been produced by an electric dis¬ 
charge in deuterium, but as yet only in small amounts. The nucleus 
of deuterium, having a single positive charge is called a deuteron, and 
its use as a bombarding particle in disintegration experiments has 
led to interesting results. 

513. Nuclear Disintegration. In Sect. 493 it has been explained 
that the phenomena of radioactivity are due to a spontaneous change 
in the nuclei of certain elements, resulting in the formation of different 
nuclei (which in some cases are more stable, in some cases less stable 



than the original ones) accompanied by the emission of one or more 
types of radiation, a, /3, or y rays. It was also stated that in recent 
years nuclear changes have been produced by bombarding various 
elements with fast-moving particles. For this purpose protons 
(iH 1 ), deuterons (iH 2 or iD 2 ), alpha particles ( 2 He 4 ), or neutrons (on 1 ) 
have been used. In the symbols here introduced for these particles 
the subscript giv^s the charge (i.e., atomic number) and the super¬ 
script gives the approximate, atomic weight in terms of one-sixteenth 
the mass of the oxygen atom. In carrying out a disintegration 
experiment a stream of the chosen particles (protons or deuterons 
produced in an electric discharge tube [Fig. 545], or particles from a 
radioactive source) is allowed to impinge on atoms of the element 
under investigation — for example, a layer of lithium metal — and 
the region around the point of impact is examined for the presence 
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of high speed particles or 7 rays. By analogy with spontaneous 
radioactivity such particles might be expected to be produced if any 
nuclei are disintegrated, and they are usually detected by their 
ability to ionize a gas. As a rule in such cases particles are found 
which have a kinetic energy much greater than that of the primary 
particles used to induce disintegration, showing that some energy from 
the nucleus must have gone into the kinetic energy of these products 
of nuclear breakdown. The process is conveniently represented by 
an equation for example the effect of bombarding the heavier 
isotope of lithium by protons may be this: 

1 H 1 + ,LP = 2 ,He 4 + E 

before disintegration, after disintegration 

The subscripts and superscripts again stand for the nuclear charge 
and nuclear mass, while E is the surplus of energy which is to be dis¬ 
tributed as kinetic energy among the products of disintegration, in 
this case two a particles. Notice that the equation “ balances ” 
both as regards the masses (superscripts) and charges (subscripts); 
that is, 1 + 7 = 8 and 1+3 = 4. If, however, the exact masses of 
the particles were substituted there would be more mass available on 
the left than is needed on the right of the equation, and it is this 
vanished mass, converted into energy as described in Sect. 507, which 
supplies the kinetic energy E — assuming that the initial energy of 
the protons was negligible. 

514. Induced Radioactivity. This was recently observed for the 
first time by M. and Mme. Curie-Joliot when magnesium or alumi¬ 
num was bombarded by a rays from polonium, and it appears to be 
a case of nuclear disintegration in which one of the “fragments” is a 
previously unknown and unstable isotope of one of the known 
elements, which continues to break down spontaneously after 
bombardment stops. For example: 

12 Mg25 + 2 He 4 —> 13 A1 28 + iH 1 (Bombardment of magnesium with a rays) 

(Spontaneous change of unstable isotope of alumi- 
i 3 A1 - hSi- 8 + e num, emission 0 f ^ ra y S ) 

Recent experiments suggest that there are a number of such unstable 
isotopes which can be formed but which are not found in nature 
because they break down or decay so rapidly. 

515. Wave Mechanics and Nuclear Structure. In the preceding 
discussion of nuclei, considered as made up of various kinds of par- 
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tides, we have given attention only to the nuclear mass and charge. 
Further than this there is evidence that nuclei have normal and ex¬ 
cited energy states, such as we have discussed in connection with the 
electrons which surround a nucleus to form an atom, and that a 
nucleus in changing from an excited to a normal state e mi ts radiation 
of extremely short wave length (gamma rays). Nevertheless at 
present the “model” of the nucleus is much more vague and unde¬ 
termined than the “model” of the atom. Theory (due to Gurney 
Condon, and Gamow) has however suggested a model of the bound¬ 
ary of the nucleus which is useful in correlating the facts of radio¬ 
activity (natural and induced) which were discussed in Sects. 492 
and 514. According to this model a nucleus (a sphere of radius 
about 10 -13 cm.) is a region of low potential energy for positively 
charged particles such as a particles or protons, which is surrounded 

by a “potential hill” of 
which a cross section is 
represented in Fig. 546. 
The ordinate of this curve 
at any distance r from the 
center of the nucleus is a 

Tie. 546. — Potential "Hill” Around a Nucleus measure of the potential 

energy which a particle of 
unit positive charge would have at this distance. In order to reach 
a point determined by r the approaching particle must have had 
an initial kinetic energy at least equal to the ordinate V r , and in 
order to reach the top of the “hill ” its initial kinetic energy must have 
been at least equal to V m . Similarly an internal particle initially at 
the bottom of the potential “well” must have, in order to escape, 
sufficient kinetic energy to carry it to the top of the “hill ” from which 
point it can, so to speak, roll away acquiring more and more kinetic 
energy as it proceeds. A rough analogy would be the process of 
throwing a ball from the bottom of a hill into a deep well opening at 
the summit, in which case gravitational potential energy would be 
involved. 

The description just given of the behavior of particles with respect 
to a “potential hill” is quite correct for particles or bodies which 
obey the ordinary (or Newtonian) laws of mechanics, which were 
discussed in the early chapters of this book; for according to these 
laws the only way for a body to get to the other side of an encircling 
potential wall is for it to go over the top. But in recent years, in 
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discussing problems of atomic structure and other small-scale phe¬ 
nomena it has been found necessary, or at least desirable, to consider 
that some of the Newtonian laws do not always hold, and also to in¬ 
troduce new hypotheses quite foreign to the old point of view. One of 
the most recent and fruitful of these is the wave-mechanic theory 
started by de Broglie and elaborated by Schrodinger and others. 
We have already seen that light has both a wave and a particle 
aspect. De Broglie’s suggestion was to develop a similar duality 
in the consideration of electrons, protons, a particles, etc. (which had 
up till then been thought of as purely and simply particles), by asso¬ 
ciating with them a new kind of wave. Furthermore, just- as light 
waves tell us where light will go (while the quantum or particle con¬ 
cept tells us what the light can accomplish when it arrives), so the 
new “particle-waves” are interpreted as telling us where a particle 
will probably be. The application of this wave method to the case 
of a positively charged particle assumed to be in the potential well 
of a nucleus, leads to surprising results, for it turns out that even for 
a particle which has insufficient kinetic energy to carry it “over the 
hill” there is some probability that it will at some time appear on the 
outside of the nucleus. Such an emergence of a particle corresponds 
to a radioactive disintegration accompanied by the emission of an 
a particle. As was pointed out in Sect. 493, the number of radio¬ 
active disintegrations which occur per second in any given case is 
found to depend simply upon the number of undisintegrated nuclei 
which are present and upon some unknown characteristic of the 
nucleus itself which determines the probability that a given nucleus 
will disintegrate in the next second. The new theory does not at¬ 
tempt to tell us anything about the characteristics of a nucleus which 
determine the probability of its disintegration; nor does it attempt to 
explain (in terms of experience with other phenomena) how a par¬ 
ticle with insufficient kinetic energy can get over (or through) the 
“hill”; it merely embodies in itself the idea of probability and states 
that every nucleus is subject to. some chance of spontaneous dismte- 
gration. For most elements this chance is so small that no disinte¬ 
grations are observed. 

The new theory is also applicable to the case of a positive particle 
approaching the nucleus from the outside, the conclusion being that 
even though the kinetic energy of the approaching particle is insuffi¬ 
cient to carry it over the “hill,” it has nevertheless some chance of 
getting inside — the chance being much greater for a singly charged 
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particle than for one carrying a double charge. It was this pre¬ 
diction which led Cockroft and Walton to attempt the disintegration 
of nuclei by bombardment with protons of low kinetic energy, with 
the idea that if such a particle did enter the nucleus disintegration 
would result. Their experiments were successful, and it is now 
known that some nuclei can be broken up by impinging protons whose 
energy is less than 50,000 electron volts, whereas it had previously 
been thought that energies of nearly a million electron volts were 
necessary. 

From what has been said it should be clear that the problem of 
nucleus-building is a very complex one, which indeed is far from being 
solved. More work is needed on the determination of relative 
atomic masses with extreme accuracy, and upon artificial disintegra¬ 
tion of nuclei, before all the pieces of the puzzle can be expected to 
fall neatly into place. 
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Prefixes 


Deci- = d = one tenth 

= 10-' 

Centi- = c = one hundredth 

= 10- 2 

Milli- — m = one thousandth 

= 10-5 

Micro- = fj, = one millionth 

= 10-5 

Millimicro- = m/x 

= 10-* 

Micromicro- = 

= 10- 12 

Deca- = die = ten times 

= 10 

Hecto- = h = hundred times 

= 10 2 

Kilo- = k = thousand times 

= 10 3 

Mega- = M = million times 

= 10 6 

1 billion = 10 9 (U.S.A. and France) = 10 12 (British) 


Length 

{Unit) 1 meter (1 m.) = 100 centimeters (100 cm.) 
1 inch = 2.54 cm. 

1 foot = 30.48 cm. 

1 km. = 0.6214 mile 

= f of a mile, nearly 
1 mile = 1.6093 1cm. 

1 fathom = 6 feet 
1 mil = 0.001 inch 
1 statute mile = 5280 feet 
1 nautical mile = 6080 feet 
1 micron = 10~ 6 m. = 0.0001 cm. 

Area 

1 square meter (1 m. 2 ) = 10,000 cm . 2 
1 acre = 4840 yd . 2 
1 mile 2 = 640 acres 


Volume 

1 cubic meter (1 m. 3 ) = 10 6 cm . 3 
1 liter (1 1.) = vol. of 1 kg. water at 4° C. and 760 
mm. Hg pressure — 1000.027 cm . 3 
1 gallon = volume of 8 lb, of water 
1 imperial gallon =* volume of 10 lb. of water 
1 bushel = 2150.42 cm . 3 
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Mass 

1 kilogram (kg.) — 10 3 grams = 2.2046 pounds avoirdupois 
1 pound = 0.4536 kg. 

1 ton = 2000 lb. 

1 metric ton = 1000 kg. 

Time 

1 mean solar day = 86,400 seconds — 24 hours 
1 sidereal day = 86,164 seconds 
1 tropical year = 365.2422 mean solar days 
1 tropical year = 3.156 X 10 7 seconds 
1 sidereal year = 366.2564 sidereal days 

Velocity 

(Unit) 1 cm./sec. or 1 cm. sec. -1 

60 miles/hour = 88 ft./sec. 

1 knot = 1 nautical mile/hour 

Velocity of light = 2.99774 X 10 10 cm./sec. 

= 186,326 miles/sec. 

Acceleration 

Due to gravity, g = 981 cm./sec. 2 nearly 
= 32 ft./sec. 2 “ 

Force 

1 pound weight (lb. wt.) = 32 poundal = 4.45 X 10 5 dynes 
1 poundal = 13,825 dynes 

Pressure 

1 lb./in. 2 = 68971 dynes/cm. 2 
1 bar = 10 6 dynes/cm. 2 = 750 mm. of mercury 
at 0° C. (if g = 980.6 cm./sec. 2 ) 

1 atmosphere = pressure of 760 mm. of mercury 
at 0° C., latitude 45° at sea level 
= 14.7 lb. /in. 2 approximately 

Work 

(Unit) 1 erg or 1 dyne-cm.; also foot-pound 
1 joule = 10 7 erg = 0.7373 ft.-lb. 

1 ft.-lb. = 1.356 joule 
1 kilowatt-hour = 3.6 X 10 6 joule 
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Power 

(Unit) 1 erg per second 

1 watt = 1 joule per sec. = 10 7 erg/sec. 

1 horsepower = 550 ft. lb./sec. = 0.746 kilowatt 
1 kilowatt = 1.34 horsepower 

GENERAL RELATIONS 

r = 3.1416 e = 2.7183 

tt 2 = 9.8696 log e 10 = 2.3026 

a/2 = 1.4140 log 10 e = 0.4343 

a/3 = 1.7320 

1 radian = 57.2958 degrees 
1 parsec = 3.26 light years 

Sun’s mean distance = 1.494 X 10 u m. = 9.282 X 10 7 miles 
Moon’s distance = 60.27 earth’s radius 
a = earth’s polar radius = 6,378,388 m. = 3963.36 miles 
b = earth’s equatorial radius = 6,356,909 m. = 3950 miles 

Earth’s ellipticity 1/297 

Mechanical equivalent of heat = 4.1852 joule/calorie 
Electronic charge e — 4.775 X 10’ 10 e. s. units 
Mass of electron - 8,99 X 10- 2S gm. 

Mass of hydrogen atom — 1.6618 X 10^ 24 gm. 

Mass of proton = 1.6609 X 10~ 24 gm. 

Mass of a particle = 6.598 X 10~ 24 gm. 

Avogadro’s number = 6.06 X 10 23 
Boltzmann’s constant = 1.37 X 10~ 16 erg/degree 
e/m for electron = 1,769 X 10 7 e.m.u./gm. 

1 angstrom = 10~ 8 cm. 

Circle, circumference = 2 rr 
Circle, area = 7rr 2 
Sphere, surface = 4 irr 2 
Sphere, volume == 17rr 3 
Cylinder, parallel ends; 

volume = (area of one end) X (perpendicular 
distance between them) 

Cone, volume = (area of base) X I altitude 

4 right angles = 2 7r radians 

Entire solid angle at a point = 4 x steradians 
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Abampere, 342 
Aberration, chromatic, 481 
spherical, 462, 478, 481 
Absolute zero, 204, 270 
Absorption coefficients for sound, table, 
198 

Absorption of radiation, 536-538 
theory of, 565 
Absorption of sound, 197 
Acceleration, 15 
Acceleration, angular, 43 
Accommodation, 484 
Achromatic lens, 482 
Acoustics of buildings, 197 
Adiabatic calorimeter, 233 
Adiabatic process, 266 
Agonic line, 295 
Airplane, forces on, 77 
Air-speed indicator, 113 
Alpha particles, 549, 551, 555 
Alternating current, 339, 358, 389 
Alternating current circuit, 398 
Alternating current, rectification of, 
426, 428 
Altimeter, 103 
Ammeter, 358-359 
Amorphous substance, 138 
Ampere, 341 

Ampere’s experiments, 379 
Ampere’s law, 340 
Amplification, 429 
Analyzer of polarized light, 517 
Anderson, 554 
Andrews, 260 
Angle, critical, 471 
polarizing, 516 
Angle of contact, 122 
Angle of deviation, 473 
Angle of dip, 295 
Angstrom, Knut, 417, 443 
Angstrom unit, 417, 443 
Angular motion, 41 
Angular velocity, 14 
Anion, 363 
Anode, 363 


Aperture, 462, 494 
Appleton layer, 435 
Arago, 3S7 
Are, carbon, 394, 533 
singing, 404 
Archimedes, 55, SS 
Archimedes’ principle, 88 
specific gravity by, 92 
Aristotle, 18, 442 
Armature, 392 
Astigmatism of eye, 485 
Astpn, 568 

Atmosphere, pressure of, 98,103 
Atom models, 557, 562 
Atomic mass, 568 
Atomic number, 135 
proportional to nuclear charge, 559 
Atoms, 118 

structure of, 132-134, 557 
Atwood’s machine, 24 
Audibility of human ear, limits of, 167 
Aurora borealis, 301, 415 
Avogadro, 222 
Avogadro’s number, 223 
Awbery and Griffiths, apparatus of, 258 

Bainbridge, 568 
Balance, 72 
Ballistic pendulum, 26 
Balmer formula for hydrogen, 530 
Bar, pressure unit, 107 
Barlow’s wheel, 381 
Barometer, aneroid, 104 
mercury, 99, 102 
Battery, storage, 369 
Beats, 146, 155,171 
Becquerel, 549 
Bell, Alexander Graham, 395 
Belts for transmission of power, 76 
Bernoulli, Daniel, 111 
Bernoulli’s principle, 110 
Beta particles, 549, 551 
Binocular, 493 
“ Black body,” 249 
Blackburn double pendulum, 148 
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Blackett, 554 
Bohr, 560 

Bohr frequency condition, 560 
Boiling point, 256 
Bourdon gauge, 106 
Boyle’s law, 100, 217 
Bradley, 12, 449 

Bragg law of X-ray reflection, 534 
Bragg, Sir W. and W. L., 422 
Brahe, Tycho, 45 
Bramah, Joseph, 88 
Bridge, meter or slide wire, 353 
Wheatstone, 352-353 
British thermal unit, 225 
Brownian movement, 224 
Bunsen photometer, 446 
Buoyant force, 88-90 

Cadmium, wave length of red line of, 
514 

Calcite, crystal structure of, 140 
double refraction in, 517 
Callendar and Barnes calorimeter, 233 
Calorie, 225 

Calorimeter, adiabatic, 233 
bomb, 240 
constant flow, 233 
mixture, 225, 231 
Calorimetry, 225, 231, 238 
Camera, photographic, 494 
Camphor, surface tension of, 120 
Capacitance, 326, 398 
electrostatic unit of, 326 
of parallel combinations, 328 
of series combinations, 328 
of types of condensers, 327, 330 
Capacity, electrostatic. See Capaci¬ 
tance 

Capillarity, 119 
Carnot cycle, 268 
Carnot, theorem of, 270 
Cartesian diver, 102 
Cathode, 363 
Cathode rays, 412 
Cations, 363 
Cavendish, 46, 226, 310 
Cell, photo-conducting, 439 
photoelectric, 439, 547 
photronic, 439 
Cells (batteries), dry, 368 
primary, 367-368 
standard, 369 
storage, 369-370 


Center of gravity, 65-67 
Centigrade scale, 204 
Centigrade zero, 204 
Centripetal force, 33 
Chadwick, 559 

Characteristic curve of a triode, 433 
Charge, distribution of, 314 
equal amounts of positive and nega¬ 
tive produced, 309 ^ 

negative and positive defined, 307 
unit of, 311 

Charging by induction, 311, 313 
Charles’s law, 216-217 
Chemical harmonica, 183 
Chladni vibrating plates, 190 
Circular motion, 33 
Clausius, 264 
Cockroft and Walton, 574 
Coefficient of cubical expansion of 
liquids, 214 

cubical expansion of solids, 213 
expansion of gases at constant pres¬ 
sure, 216 
friction, 69 

linear expansion of solids, 211 
viscosity, 129 

Coefficient, pressure, for a gas, 217 
Coefficient, temperature, of resistance, 
348 

Coefficients of elasticity, 78-79 
Coercivity, magnetic, 287 
Cogwheels, 76 

Colladon and Sturm, determination of 
velocity of sound in fresh water, 
173 

Colloid, 128 
Color blindness, 487 
Color due to absorption, 540 
to reflection, 540 
Color of objects, 539-541 
the sky, 522 
thin films, 510 
Color, sensation of, 486 
Combustion, heat of, 239 
Compass needle, 283 
Compounds, 132 
Compressibility, 78 
Condenser, electrostatic, 325 
capacity of, 325 
energy of charge, 331 
variable, 327 

Condition-point diagram for a gas, 236 
Condon, 572 
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Conductance, electrical, 350 
unit of (mho), 350 

Conduction of electricity through 
gases, 411 

Conduction of heat, 240-244 
mechanism of, 244 

Conductivity, electrical, of flames, 315 
Conductivity, thermal, 241 
measurement, 241-244 
table of values, 243 
Conductor, electric, 308 
Conductors, electrical, properties of, 
137 

Conservation of angular momentum, 44 
Conservation of energy, law of, 230 
applications of, 234, 235, 249, 387, 
445 

Convection, 245-246 . 

Coolidge, 418 
Copernicus, 45 
Corona discharge, 320 
Cosmic rays, 553 
Coulomb, 283, 310 
Coulomb (unit of charge), 331, 342 
Coulomb’s law, for magnetic poles, 283 
for electrostatic charges, 310 
Coulomb’s torsion balance, 283, 310 
Couple, 60 
moment of, 63 
Critical angle, 471 
Critical pressure, 260 
Critical temperature, 257, 260 
Crookes dark space, 411 
Crystal, anisotropic, 140 
isotropic, 140 
uniaxial, 518 
Crystal lattice, 139 
Crystalloid, 128 
Crystals, 138 
Curie, P. and M., 549 
Curie-Joliot, M. and Mme., 571 
Curtiss, 276 

Curve of spinning baseball, 111 
Cyclic operations, 267 
Cyclone, 104 

D’Alembert, 48 
Dalton, 118 
Daniell cell, 367-368 
D’Arsonval galvanometer, 357 
Davy, Sir Humphrey, 370 
De Broglie, 573 
Decibel, 199 


Definitions, 49 
De Forest, 427 

De la Rive floating battery, 376 
De la Tour, Caignard, 260 
De Laval, 276 
De Magnete, 2S3 
Density, 83 

methods of determining, 91-97 
of charge, 314 
of gases, 97 
of gases, table, 98 
of liquids by balanced columns, 95 
of liquids, table, 97 
of solids, table, 96 
Detector, crystal, 427 
vacuum tube, 428 
Deuterium, 569 
Deuterons, 555, 570 
Deviation, minimum angle of, 473 
of light ray by prism, 473 
Deviation of compass, 294 
Dewar flasks, 246, 262 
Diamagnetism, 408 
Diatonic scale, 194 
Dielectric constant, 329 
Diesel engine, 277 

Diffraction, at the edge of a shadow, 458 
by a circular aperture, 502 
by a slit, 500 
by screens, 503 

Diffraction fringes, a means of measur¬ 
ing wave lengths, 501 
Diffraction grating, 506-510 
Diffusion, 126 

Diffusion pump, Langmuir, 128 
Discharge, brush, 320, 404 
corona, 320, 404 
from points, 315 
spark, 320 

Dispersion of light, 467 
Dispersive power, 482 
of a grating, 509 
Displacement, 7, 8 
Dissociation, 364 
Doppler effect in sound, 180 
in stellar spectra, 538 
Dulong and Petit, expansion apparatus, 
215 

Dynamometer, 56 
Dyne, unit of force, 21 

Ear, 192 

sensitivity of, 193 
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Earth, age of, 554 
mass and density of, 47 
rotation of, 47 
Eclipse of the sun, 445 
Eddy currents, 387 
Edison effect, 426 

Edison, invention of phonograph, 199 
Edison storage cell, 370 
Edison, Thomas A., 199, 394, 395 
Efficiency, of an ideal engine, 269 
of different reversible engines, 270 
of practical heat engines, 275 
Einstein, Albert, 423, 424, 443, 558 
Einstein’s principle of relativity, 10 
principle of the equivalence of en¬ 
ergy and mass, 30, 569 
quantum theory of photoelectricity, 
545-547, 558 
Elastic limit, 77 
Elastic modulus, bulk, 78 
shear or rigidity, 79 
Young’s, 78 
Electric battery, 336 
cell, simple, 335 
charge, 306-307 
unit of, 311 

Electric current balance, 358 
Electric current, direct and alternating, 
339 

direction of, 337 
electromagnetic unit of, 340 
heating effect of, 360 
magnetic effect of, 337 
magnetic field around, 338, 375 
nature of, 371 
practical unit of, 341 
properties of, 335 
right-hand rule for, 337 
Electric discharge through gases, 411 
Electric lighting, 394 
polarization, 329 
potential, 320 

Electrical, conductance, 350 
generators, 390 
machines, 317 
oscillations, 400 
resistance, 343 
resistivity, 347 
resonance, 401 

Electricity, production by electromag¬ 
netic induction, 386 
production by friction, 306 
two kinds of, 307 


Electrification, 306 
Electrochemical equivalent, 363 
table of, 365 
Electrode, 363 
Electrolysis, 363 
laws of, 363-364 
Electrolyte, 363 
Electromagnetic induction, 386 
radiations, table, 525 
waves, 155, 401 
Electromagnets, 377 
Electrometer, Kelvin, 333 
quadrant, 332 

Electromotive force, 345-347 
contact, 347 
generation of, 384-386 
induced, 347 

Electron, 133, 306, 310, 412 
charge of, 332, 418 
mass of, 332 
properties of, 414 

Electron spin and theory of magnetism 
285 

Electrophorus, 316 
Electroplating, 371 
Electroscope, 307, 313, 332 
Elements, chemical, 132 
table of, 133-134 
Eliminators, battery, 437 
Emission by molecules, 532 
from gases and vapors, 529 
from liquids, 529 
Energy, 28 

conservation of, 30, 230 
in a surface film, 125 
intrinsic, of mass, 30 
kinetic, 29 

of charged condenser, 331, 398 
of rotating mass, 39 
of vibration, dependence on ampli¬ 
tude, 148 
potential, 28 
molecular, 136 

quantum of, 250, 418, 443, 546, 558 
transformations of, 230 
Energy distribution curve, 526 
Energy level diagram for hydrogen, 561 
Energy states, quantized, 560 
Engine, ideal, 269 
internal combustion, 277 
reversible, 270 
steam, 273-276 
turbine, 276 
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Eotvos, 23, 39 
Equilibrium, 64 
conditions for, 61, 64 
stable, unstable, neutral, 68 
Equilibrium diagram for a substance, 
259 

Equivalence of energy and mass, 30, 
569 

Erg, unit of energy, 28 
Eudiometer, 366 
Evaporation, cooling by, 254 
Ewing, theory of magnetism, 285 
Expansion, adiabatic and isothermal, 
265-266 

regenerative, 262 
thermal, 210 

of gases at constant pressure, 216 
of liquids, 213 
of solids, 210 
Extraordinary wave, 518 
Eye, 483 

accommodation of, 484 
blind spot of, 484 
sensitivity of, 486 
Eyepiece, Huygens, 491 
Ramsden, 490 

Fahrenheit temperature scale, 205 
Farad, 331 

Faraday (quantity of charge), 365 
Faraday dark space, 411 
Faraday, Michael, 287, 309, 310, 314, 
320, 323, 329, 363, 376, 386, 398, 
401, 524 

Faraday’s disk, 385 
laws of electrolysis, 363-365 
Faure, 369 

Fizeau, determination of velocity of 
light, 449 
Fleming, 426 

Flotation process of separating ores, 
126 

Fluorescence, 538 
Focal length, 478 
Focus, conjugate, 479 
depth of, 495 
principal, 462, 476, 478 
Foot-candle, 447 
Force, 18 
centripetal, 33 
intermolecular, 118 
measurement of, 56 
nature of, 48 


Force between conductors, 3S3 
on conductor in magnetic field, 381- 
382 

Force pump, 109 
Forces, parallel, 59 
parallelogram of, 57 
polygon of, 5S 
triangle of, 58 

Fortin, Jean, barometer, 103 
Foucault, 450, 467 
Foucault currents, 3S8 
Foucault’s proof of earth rotation, 47 
Frame of reference, 8 
Franklin, Benjamin, 320, 421 
Fraunhofer, 509 
Fraunhofer lines, 538 
Fresnel, 456, 458 
Fresnel biprism, 506 
Friction, 68 
angle of, 69 
coefficient of, 69 
laws of, 68 
rolling, 70 

Fundamental tone of organ pipe, 184 
Fusion, 251-254 
heat of, 253 

Galileo, 10, 45, 166 
experiment at Leaning Tower of 
Pisa, 19 

first telescope, 493 
Galvani, 335 

Galvanometer, astatic, 339-340 
d’Arsonval or moving coil, 357. 
iron core, 358 
moving magnet, 339, 357 
tangent, 340-341 
Gamma rays, 549, 552 
Gamow, 572 
Gas constants, 219 
Gaseous state, 136 
Gases, compressibility of, 100 
general law of, 218 
liquefaction of, 261-263 
specific heat of, 235, 238 
Gas thermometer, constant volume, 
203 

Gauss A position, 297 

Gauss B position, 298 

Gauss, C. F., 297, 423, 424 

Gauss, unit of magnetic induction, 289 

General gas law, 218 

Generators, electrical, 390 
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Geophone, 17S 
Gevser, 256 

Gilbert, 2S2, 294, 307, 308 
Governor, steam engine, 34 
Graham, 126 
Gram molecule, 2IS 
Grating, concave reflecting, 510 
diffraction, 506 
reflection, 509 
replica, 510 
Grating space, 508 
Gravitation, Newton’s law of, 45 
Gravitational constant, 46 
Gravitational units, 21 
Gravity, acceleration due to, 16, 21, 38 
center of, 65-68 
Gurney, 572 
Gyrocompass, 47 
Gyroscope, 47 

Half-period of radioactive element, 551 
Hare’s method, 95 
Harmonic, 167, 184 
Heat capacity of a body, 226 
Heat, conduction of, 240-244 
conversion into work, 263 
mechanical equivalent of, 227 
nature of, 226 
quantity of, 225 
Heat energy available, 272 
Heat of combustion, 239 
table, 240 
of fusion, 253 
of sublimation, 259 
of vaporization, 257-258 
Helmholtz, 194, 230 
Henry, unit of inductance, 397-399 
Hertz, 401, 403, 544 
Heterodyne, 432, 436 
Hooke, 166 
Hooke’s law, 77 
Hope’s apparatus, 215 
Humboldt, 320 
Humidity, 255 
Huygens, 442 
eyepiece, 491 
Hydraulic press, 87 
Hydrodynamics, 110 
Hydrogen, diffusion of, through pal¬ 
ladium, 126 
isotopes of, 569 
Hydrometer, 93 
Hydrostatic paradox, 88 


Hydrostatic pressure, 84-87 
Hypermetropia, 485 
Hypsometer, 207 
Hysteresis, magnetic, 405 " 

Iceland spar. See Calcite 
Ice point, 204 

Illumination, intensity of, 445, 447 
table, 448 

Image formation by concave mirror 
462 

by lenses 479-481 
by plane mirror, 460 
errors of, 481 
Image of an object, 479 
Image point, 460 
Image, size of, 479 
virtual, 460 
Impulse, 25 

Incandescent lamp, 394 
efficiency of, 533 
Inclination, magnetic, 295 
Inclined plane, 75 
Index of refraction, 466, 468 
tables, 469, 519 
Indicator diagram, 274 
Inductance, self, 396 
mutual, 398 
Induction coil, 388-389 
Induction, charging by, 311 
electromagnetic, 386 
electrostatic, 311 
magnetic, 285 
Inertia, 19 
moment of, 40 
Infrared radiation, 247 
Insulator, electrical, 308 
thermal, 244 

Intensity of illumination, 447 
of magnetic field, 287 
of magnetization, 407 
of sound, 167 

Interference of light, 504-514 
in thin films, 510 
Interference of sound waves, 170 
Interferometer, 513 
Internal energy, 224 
Invar, thermal expansion of, 212 
Inverse square law for electrostatics, 
310 

for magnetic poles, 284 
verification of, by Gauss, 298 
Ionization by collision, 320, 420 
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Ionization by X-rays, 372 
Ionization energy, 561 
Ionizing potential, 564 
Ions, 135, 363 
gaseous, 315, 415 
Isobar, 104 
Isoclinic lines, 295 
Isogonic lines, 295 
Isothermal curve, 236, 266 
Isotope, 135, 568 
Isotropic solid, 213 

Joule, J. P., 227, 360 
Joule’s law, 360 

Kater, 38 

Kelvin current balance, 358 
Kelvin electrometer, 333 
Kelvin, Lord, 49, 125, 265, 271, 333 
Kelvin mirror galvanometer, 356 
Kelvin temperature scale, 205 
Kennelly-Heaviside layer, 435 
Kepler’s laws, 46 
Key, reversing, 339 
Kilogram, standard, 56 
Kinetic theory of gases, 219 
Kirchhoff’s laws for electric networks, 
349-350 

Kirchhoff’s law for radiation, 527 
Kohlhorster, 553 

Konig, measurement of velocity of 
sound, 173 

Kundt’s method for determining the - 
velocity of sound, 174 

Lamp, incandescent, 394 
Langmuir, Irving, 128, 426 
Laplace, 340 
Laplace’s law, 340, 379 
Laue, 422 

Law of conservation of energy, 230-231 
of cooling, Newton’s, 247 
of thermodynamics, first, 231 
second, 264-265 

of total radiation, Stefan-Boltzmann, 
250 

Laws of electrolysis, 363-364 
of gases, 217 

of interaction of magnetic poles, 283 
Leclanche cell, 368 
Leeuwenhoek’s microscope, 490 
Leibnitz, 48 
Lenard, 559 


Lens, achromatic, 4S2 
compound, 4S2 
optical center of, 479 
Lenses, combinations of, 4S2 
converging and diverging, 476, 480 
Lens formula, 477 
Lenz’s law, 386 
Leslie’s cube, 248 
Levers, 71 
Leyden jar, 325 
Light, intensity of, 445 
nature of, 442-444, 453 
plane polarized, 516 
rays and waves, 453-458 
rectilinear propagation of, 444 
sources of, 533 
velocity of, 423, 448-453 
Lightning, 316, 421, 422 
rods, 316 

Linear dimensions, law of, 191 
Lines of force, electric, 323 
magnetic, 287 

Lines of magnetic induction, 289 

Liquefaction of gases, 261-263 

Liquid air, 262 

Liquid state, 136 

Lissajous figures, 147 

Lloyd’s mirror, 506 

Local action, 367 

Lodestone, 282 

Lodge, Sir Oliver, 403 

Loudness, or intensity of sound, 167 

Lumen, 447 

Lummer-Brodhun cube, 446 
Machines, 71 

mechanical advantage of, 71 
Magdeburg hemisphere, 99 
Magnetic axis, 282 
circuit, 406 
declination, 294 
doublet, 293-294 
field, 287 

field around a current, 338, 375 

flux, 405 

hysteresis, 405 

inclination or $ip, 295 

induction, 285, 289 

intensity, 287 

lines of force, 287 

meridian, 294 

moment, 294, 297 

permeability, 284, 404 
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Magnetic poles, 282 
of the earth, 294 
potential, 292 
shielding, 290 
storms, 301 
susceptibility, 407 
Magnetism. 282 
effect of temperature on, 291 
theories of, 2S5 
terrestrial, 294, 300-302 
Magnetization, intensity of, 407 
Magneto, 391 

Magnetometer, deflection, 299 
oscillation, 290, 299 
Magnetomotive force, 407 
Magnets, 282 

Magnification of compound micro¬ 
scope, 491 

of simple magnifier, 490 
of telescope, 493 
Magnifying glass, 489 
Malus, observations on polarized light, 
515 

Manometer, 107 
Manometric flame, 191 
Marconi, 426 
Mariotte, 100 
Mass, 21 
atomic, 568 

equivalence of energy and, 30, 569 
of high speed beta particles, 552 
Mass spectrograph, 568 
Matter, three states of, 135 
Maxwell, 30, 222, 223, 310, 324, 337, 
401, 403, 425, 426, 442 
Mean free path, 219 
Mechanical advantage, 71 
Mechanical equivalent of heat, 227 
electrical methods, 229 
Rowland’s method, 228 
Megohm, 345 

Melde, standing waves on a cord ex¬ 
periment, 170 
Melting points, 253 
effect of pressure on, 252 
Membrane, permeable, 128 
Meniscus, 260 
Metacenter, 91 
Meter bridge, 353 
Method of mixtures, 225 
Michelson, A. A., 451, 467, 514 
Microphone, 178, 396 
Microscope, compound, 491 


Millikan, 414, 419, 553 
Millikan’s determination of the pho¬ 
toelectric constant, 546 
Minor scale, 196 
Mirage, 470 

Mirror, concave spherical, 461 
convex spherical, 464 
parabolic, 464 
Mirror formula, 463 
Mixtures, method of, 225 
Model of a nucleus, 572 
Modulation, 430 
Molecular constants, 220 
diameters, 22, 223 
energy, 136, 220, 224, 235, 56i 
(or atomic) hypothesis, 132 
spectra, 532 
theory of, 565 
theory, 118 
Molecules, 118 
Moment of a force, 61 
Moment of inertia, 40 
Momentum, 20 
angular, 43 
conservation of, 44 
Moseley, 568 
Motion, angular, 41 
relative, 8 

under uniform acceleration, 16, 31 
Motors, 393 
Musical interval, 194 
scales, 194 
tone, 165 

characteristics of, 166 
Myopia, 485 

Neutrons, 555 

Newton, Sir Isaac, 10, 25, 46, 48, 226, 
442, 443 

on the velocity of sound, 176 
Newton’s law of cooling, 247 
law of gravitation, 45, 65 
laws of motion, 19, 22 
rings, 511 

Nicholson and Carlyle, 336 
Nicol prism, 520 
Nodes, 157, 170 
Northern lights, 415 
Nuclear charge, 135 
Nuclear disintegration, 570 
Nucleus, constituent particles of, 567 
of an atom, 132 
structure of, 566 
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Nucleus, wave mechanics theory of, 572 

Ocular. Bee Eyepiece 
Oersted, 337, 395 
Oersted (unit of intensity), 287 
Ohm, 344 
Ohm’s law, 344 
Opaque substance, 246 
Optic axis, 518 
Optical flat,” 513 
)tics, geometrical vs. physical, 455 
rder of image formed by grating, 508 
Ordinary wave, 518 
’gan pipes, 183 

Oscillator, continuous wave, 430 
Oscillograph, cathode ray, 419 
Osmosis, 128 
Overtone, 167 

Overtones of organ pipes, 184 
on a vibrating wire, 187 

Palladium, diffusion of hydrogen 
through, 126 

Parallelogram of forces, 20, 57 
Paramagnetism, 408 
Parsons, 276 
Pascal, 49, 87, 103 
Pascal’s principle, 87 
Peltier effect, 373 
Pendulum, ballistic, 26 
compound, 38 
conical, 34 
simple, 37 

derivation of formula for period of, 
37 

Periodic table, 133 
Permalloy, 286 

Permeability, magnetic, 284, 404 
Perrin, 224 

Phase of current with respect to 
e.m.f., 400 
Phonodeik, 192 
Phonograph, 199 
Phosphorescence, 539 
Photo-conducting cell, 439 
Photoelectric cell, 439, 547 
Photoelectric long wave limit, 544, 546 
Photoelectricity, fundamental laws of, 
544 

quantum theory of, 545 
Photometer, Bunsen, 446 
flicker, 489 

Photometric standards, 447 


Photometry, 446-44S 
Photons, 558 
Photronic cell, 439 
Pitch, 166 
Pitot tube, 113 
Planck, 250, 418 

introduction of quantum theory, 558 
Planck’s constant, 546, 558 
Plane of incidence, 460, 466 
Planets, 45 
Plante, 369 

Polarization, electric, 329 
of a cell, 367 
of light by reflection, 515 
of scattered light, 521 
rotation of plane of, 522 
Polarizer, 516 
Polarizing angle, 516 
Positive column, 411 
Positron, 135 

Potential, electrical, 320-323 
at a point, 322 
magnetic, 292 
at a point, 293 

Potential difference, electrical, 321, 343 
units of, 343 
Potential energy, 28 
in a surface film, 124 
gravitational, 110 
molecular, 136, 224, 235 
Potential “ hill,” 572 
Potentiometer, 354 
circuit for comparing e.m.f.’s, 355 
circuit for comparing resistances, 355 
circuit for measuring current, 356 
Poundal, 20 
Power, 30 

Prefixes for multiples and fractions, 10 
Pressure, 83 
air, 98 

coefficient of a gas, 217 
critical, 260 
gauge, 106 
hydrostatic, 84-87 
kinetic theory of, 221 
of a saturated vapor, 254 
osmotic, 129 

Principle of conservation of energy, 30, 
321 

Prism binocular, 488 
Prisms, total reflecting, 472 
Probability in nuclear disintegration, 
573 
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Problems on current electricity, 361- 
362, 374, 409-410 
dynamics, 50-54 
electrostatics, 333-334 
heat, 278-281 
hydrostatics, 114-117 
light, 497-500, 543 
magnetism, 303-305 
properties of fluids, 131 
radio, 441 
sound, 201-202 
statics, 80-82 
Projectile motion, 31 
Projection lantern, 495 
Proof plane, 309 
Proton, 135, 415, 555 
charge and mass of, 332 
Ptolemy, 45 
Pulleys, 73 

Pump, mercury diffusion, 128 
Pumps, 107-110 
Pyrometer, optical, 250 
Pythagoras, 194 

Quadrant electrometer, 332 
Quantum equation, 536 
frequency relation, 542 
of energy, 250, 418, 443, 546, 558 
theory, beginning of, 547 
theory of photoelectricity, 545 
Quartz, thermal expansion of, 212 

Radian, 14 
Radiation, 246-250 
total, law of, 250 
wave lengths of, 247 
X-ray, 416 

Radiation and reflection from solids, 
526 

and temperature, 249 
pyrometer, 250 
Radiator, perfect, 249 
Radioactive disintegrations, 550 
Radioactive families, 550 
Radioactivity, induced, 555, 571 
Radio waves, propagation of, 434 
Radium, 549 
Radius of gyration, 41 
Rainbow, 474 
Range-finder, 488 
Range of alpha particles, 551 
Rayleigh, 366 
Rays, cosmic, 553 


radioactive, 549 
Reactance, 399 
Reception of radio waves, 431 
Rectification of alternating current 
426, 428 

Rectifier, mercury arc, 438 
Reflecting power and electrical con¬ 
ductivity, 528 

Reflection at a curved surface, 461 
at a plane surface, 460 
diffuse and regular, 459 
of sound, 162 
of waves, 156 
of X-rays, 534 
total, 470 

Refraction of light at a Spherical sur¬ 
face, 476 

by a plane parallel plate, 472 
by a prism, 472 
double, 517 
index of, 466, 468 
table, 469 

indices of, for double refracting 
crystal, 519 
law of, 468 

of a plane wave at a plane surface, 
465 

of a spherical wave at a plane sur¬ 
face, 475 

wave theory of, 467 
Refraction of sound, 164 
Refrigerator, 261, 265, 269, 278 
Regelation, 252 
Regnault, 173 
Reis, 395 

Relativity principle, 10, 423 
Resistance, electrical, 343-344 
measurement of, 351-354 
series and parallel combinations, 
349-350 

temperature coefficient of, 348 
units of, electromagnetic, 344 
units of, ohm, 344 
Resistance box, 352 
Resistance thermometer, 207, 354 
Resistivity (electrical), 347-348 
Resolving power of a grating, 509 
Resonance, 168 
Resonator, 169 

Resultant of several forces, 57 
Retentivity, magnetic, 286 
Retina (of eye), 484 
Reverberation^ time of, 197 
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Reversible processes, 267 
Rheostat, 352 
Richardson, 426 
Rigidity, 79 

Romer, determination of velocity of 
light, 448 

Rontgen rays. See X-rays 
Rotation, magnetic, 523 
Rowland, 413 

Rowland’s apparatus for determining 
the mechanical equivalent of heat, 
228 

concave reflecting grating, 510 
Rumford, Count, 226 
Rutherford, 549, 550, 554, 558 
Rutherford and Soddy, disintegration 
law, 550 

Rutherford’s atomic model, 559 

Sabine, W. C., 197 
Saccharimeter, 523 
Savart, 166 
Scalars, 7 

Scattering of light, 521 
Schrodinger, 573 
Screw, 75 
Searle, 241 
Seebeck cross, 374 
Seebeck effect, 372 
Seismograph, 177 
Selection rules, 563 
Sensation unit for sound, 199 
Sensitivity of eye, 486 
Series limit, 532, 561 
Shadows, 444 
Shunts, 351 

Simple harmonic motion, 36 
circle of reference, 36 
combinations of, 143, 146 
energy of, 148 

general formula for period of, 37 
phase of, 143 
production of, 148 
representation of, by curve, 142 
Siphon, 107-108 
recorder, 125 
Siren, 166 

“Skip” distance, 435 
Slide wire bridge, 353 
Snell, 466 

Soap films, surface tension of, 121 
Solar system, 45 
Solenoid, 376 


magnetic intensity inside, 3S0 
Solid state, 137 
Sonometer, 1S7 
Sound, absorption of, 198 
determination of velocity of, 173 
effect of wind on transmission of, 165 
production, 159 
ranging, 178 
reflection of, 162 
transmission of, 160 
velocity of, 172 
waves, 161 
Space charge, 437 
Specific gravity, 84 
bottle, 94 

methods of determining, 92-94 
Specific heat, 225 
heats of gases, 235, 23S-239 
ratio of, 176, 238 
table, 239 

heats of liquids, 233-234 
heats of solids, 231-233 
table, 233 
resistance, 347-348 
Spectra, atomic, 530 
band, 533 

Spectra, stellar, 538 
Spectral series, 532 
Spectrograph, 497, 535 
mass, 568 
Spectrometer, 496 
Spectroscope, 496 
Spectroscopic analysis, 530 
Spectrum, 443-444 
absorption, 537 
characteristic, 530 
discontinuous, 530 
electromagnetic, 524 
line, 496, 530 
Speed, 9 

Stability of floating bodies, 90 
Standing waves on a cord, 170 
Steam engine, 273-276 
’ efficiency of, 275 
indicator, 274 
Steam point, 204 
Stefan-Boltzmann law, 250 
Stethoscope, 161 
Stereoscopic effect, 487 
Storage battery, 369-370 
Strain, 79 
Stress, 79 
Stroboscope ? 189 
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Sublimation, 259 
Superposition, principle of, 149 
Supersonics, 167 
Surface tension, 11S 
measurement of, 121 
table, 125 

Susceptibility, magnetic, 407 
Swan, 394 

Table of absorption coefficients for 
sound, 198 

atomic numbers and nuclear charge, 
559 

boiling temperature of water at 
various pressures, 256 
characteristics of gas molecules, 220 
chemical elements, 134 
classification of radio waves, 433 
coefficients of cubical expansion of 
liquids, 214 

coefficients of expansion of gases, 216 
coefficients of linear expansion, 211 
coefficients of viscosity, 130 
conductors and insulators, 309 
critical constants for gases, 260 
densities of gases, 98 
densities of liquids, 97 
densities of solids, 96 
dielectric constants, 329 
efficiencies of various types of en¬ 
gines, 275 

electrical resistivities, 348 
electrochemical equivalents, 365 
electromagnetic radiations, 525 
half-periods and range of alpha par¬ 
ticles, 551 

heats of combustion, 240 
heats of vaporization, 258 
indices of refraction, 469 
intensities of illumination, 44S 
masses of high speed electrons, 552 
melting points and heats of fusion, 
253 

nuclear particles, 567 
reference, 575-577 
specific heats of gases and vapors, 
239 

specific heats of solids and liquids, 
233 

surface tensions of liquids, 125 
temperature coefficients of resistance, 
348 

temperatures, 205 


thermal conductivities, 243 
valence in electrolysis, 365 
vapor tension and density of satu¬ 
rated water vapor at various tem¬ 
peratures, 255 
velocities of ions, 372 
Table, periodic, of the elements, 133 
Tait, P. G., 373 
Telegraphy, 395 
Telephone, 395-396 
Telescope, 492 
Television, 440-441 
Temperature, 203 
and kinetic energy, 220, 223 
coefficient of resistance, 348 
critical, 257, 260 
effect on magnetism, 291 
gradient, 241 
lowest, 263 

Temperature scales, absolute centi¬ 
grade, 205 
. centigrade, 204 
Fahrenheit, 205 

hydrogen constant volume, 204 
thermodynamic, 271 
Tempered musical scale, 195 
Tesla coil, 403 
Thales, 306 

Thermal conductivity, 241-244 
Thermal expansion of gases at con¬ 
stant pressure, 216 
of liquids, 213 
of solids, 210, 213 
Thermionic valve, 426 
Thermocouple, 208, 373 
Thermodynamic temperature scale, 271 
Thermodynamics, first law of, 231 
second law of, 264 
Thermoelectric power, 373 
Thermoelectricity, 372 
Thermogalvanometer, 436 
Thermometers, gas (hydrogen con¬ 
stant volume), 203 
liquid-in-glass, 206 
resistance, 207, 354 
Thermopile,*209, 373, 524 
Thermostat, compound metal, 212 
Thomson, J. J., 412, 414, 568 
Tone quality, 167 
Torque, 63 

on coil in magnetic field, 384 
Torricelli, 98 
Torricellian vacuum, 99 
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Tourmaline crystals, 520 
Townsend, 420 
Transformer, 390 
Transmission curves, 537 
Transmission of radio signals, 431 
Transmutation of elements, 554 
Transparent substance, 247 
Triode, as amplifier, 429 
as detector, 428 
as oscillator, 429 
as rectifier, 428 
characteristic curve of, 433 
Turbine, steam, 276 

Ultrasonics, 159 
Ultraviolet radiation, 247 
Unit magnetic pole, 285 
Units, electrical, ampere, 341 
coulomb, 331, 342 
farad, 331 
henry, 397-398 
mho, 350 
ohm, 344 
volt, 331, 343 
Units, fundamental, 9 
international electrical, 425 
systems of, 10 

Urey, Brickwedde and Murphy, dis¬ 
covery of deuterium, 569 

Vacuum tubes (3 electrode), 427 
characteristic curve of, 433 
Valence, chemical, 364 
table, 365 

Van de Graaf s electrostatic generator, 
319 

Van der Waals, 219 
Vapor pressure, saturated, 254 
Vaporization, 254-259 
cooling by, 254 
heat of, 257-258 
Vector, components of, 14 
resolution of, 14 
Vectors, 8 

Velocities, addition of, 10 
of ions, 372 
parallelogram of, 10 
Velocity, 8 
angular, 14 
change of, 13 
relative, 12 
uniform, 9 
variable, 15 


Velocity of alpha particles, 551 
of beta particles, 552 
of flow of liquid from an orifice, 110 
Velocity of light in matter and in free 
space, 452 

methods of measuring, 448-452 
Velocity of sound, 172 
theoretical considerations of, 176 
Venturi water meter, 113 
Vibrating reeds, 188 
Vibration, direction of for polarized 
fight, 516 
period of, 141 

Vibrations, simple harmonic, 142 
sympathetic, 168 
Viscosity, 129 
coefficient of, table, 130 
Vision, distance of most distinct, 484 
errors of, 485 
limitations of, 489 
persistence of, 4S8 
stereoscopic, 487 
Vocal cords, 193 
Voice, 193 
Volt, 331 
Volta, 335-336 
Voltaic pile, 336 
Voltameter, 365-366 
Voltmeter, 358 
Von Guericke, Otto, 99 

Water, anomalous expansion of, 214 
Watt, 31, 344 
Wattmeter, 358 
Wave front, 455 

Wave length of light, measurement of, 
510 

measurement of by interference, 513 
Wave lengths, range of, 524 
Wave mechanics, 571 
Waves, classification of, by wave 
length, 433 

combination of, 152, 154 
compressional, 154, 162 
damped and continuous, 429 
de Broglie, 573 
electromagnetic, 155, 401 
general characteristics of, 141, 149- 
152 

light, 453 
longitudinal, 153 
of sound, 161 

ordinary and extraordinary, 518 



